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Foreword 

 

 

Faculty of Engineering “Petru Maior” University of Tîrgu Mureş is a 

didactic-scientific entity, over several decades, has made a significant 

contribution to the training of specialists in various engineering fields obtaining 

at the same time, through its teaching assessed in terms of scientific research 

results. 

Recovery and validation research work involves submission to the 

national and international scientific community, in particular international 

meetings, the most important results in solving various topics. 

Charter “Petru Maior” University of Tîrgu Mureş provides teachers or 

research centers, of which they are part, complete freedom in choosing research 

topics and methods of dissemination that can be used. 

Based on the desire to provide an opportunity for scientific discussions 

involving experts from home and abroad, from many branches of engineering, 

“Petru Maior” University of Tîrgu Mureş has become a tradition for an 

international conference known as "Interdisciplinary in Engineering, Inter-Eng 

". The 2009 edition is the fourth Conference “Inter-Eng” and she has produced 

works in seven areas: Electrical & Power Engineering, Control Systems 

Engineering, ICT Applications in Engineering, Mechanical & Technological 

Engineering, Mechatronics & Robotics, Environmental Engineering, Economic 

and Management & Engineering. 

The scientific review process works by international scientific committee, 

to ensure selection of those works that make important scientific contributions 

that have been made in compliance with accepted drafting standards of 

1 

 



 international academia. All work that simultaneously met the two conditions are 

contained in this volume. 

It should address special thanks to the two keynote speakers of the 

conference Dr. Johan Kocher (General Manager of Dr. KOCHER GmbH Fulda 

Germany) and Miklos Nagy (The Open University, Knowledge Media Institute 

(KMI) United Kingdom), researchers participating in the Conference Inter-Eng 

2009, Scientific Committee members and those who ensured the realization of 

this volume. 

 

 

Vasile Boloş, Vice-rector “Petru Maior” University of Tîrgu Mureş, 

Editor 
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ABSTRACT 

This paper presents a new static network equivalencing technique that take into 

consideration the influence of changes occurring in the reduced system based on voltage 

phasor measurements from this system. The method was developed around the REI 

equivalent, but in principle it can be used with any other equivalencing technique. 

Numerical simulations have shown that real-time measurements provided by PMUs 

installed on the buses of the external system can considerably improve simulation results 

produced by traditional REI equivalents for the operating conditions in the internal, 

observed power system. 

Keywords: REI equivalent, phasor measurement unit, synchrophasor, power systems, static network equivalent,  

 
1. Introduction 

Present day power systems have complex 

structures and a high interconnection degree with 

other neighboring power systems. Their complexity 

and operating conditions are stressed by the 

installation of new traditional or dispersed generation 

sources, with high volatility of the output generation. 

This trend is also strengthened by the globalization of 

electricity markets, where electricity is traded at 

national or regional levels.  

Actual power systems are large or very large 

systems, known as Wide Area Power Systems 

(WAPS), whose on-line or off-line analysis and 

control can be considerably complicated. The most 

widespread approach to this problem uses network or 

system equivalents. Such models are widely used, 

especially when the analysis is focused on the 

operation of a local power system in interaction with 

other neighboring systems, for which there is little or 

none information concerning their structure and 

operating conditions.  

Static network equivalents are based on splitting 

the original system into an internal subsystem and an 

external subsystem, separated by a boundary system. 

The reduced system will consist of the internal and 

boundary subsystems, represented in full detail, and 

the equivalent representation of the external 

subsystem. After reduction, the operating conditions 

in the internal subsystem are exact only for the 

reference operating conditions, for which the 

equivalent network was computed. For other 

conditions, the computed state variables in the 

internal subsystem are inherently inaccurate, the 

approximation error depending on the type and level 

of contingency considered in the internal subsystem. 

Besides, if the contingency occurs in the external 

subsystem, it can be taken into consideration only 

after recalculating the external subsystem equivalent. 

Thus, traditional equivalencing techniques do not 

provide efficient methods to assess the influence of 

changes occurring in the external subsystem over the 

operating conditions of the internal one. 

On the other hand, the advent of Synchronized 

Phasor Measurement (SPM) technology opens large 

perspectives to the monitoring and control of WAPS. 

Due to the high synchronization accuracy of 1 µsec or 

better achieved by the Phasor Measurement Unit 

(PMU) technologies, the PMU data measurements are 

far better than traditional SCADA ones.  

This paper proposes a new static network 

equivalencing technique that takes into consideration 

the  influence  of  changes  occurring  in  the  external  

9 

 



 

 

 

 

 

 

  

Fig. 1 – Structure of a monitoring system based on SPM 

(PDC – Phasor Data Concentrator). 

Fig. 2 – PMU installation on a network bus. 

 

 

network over the internal system. This is possible 

using PMUs installed on the buses of the external 

system. As the voltage phasors of the PMU buses are 

continuously monitored, this information can be used 

for a better representation of the external subsystem 

without the need to recalculate the static REI 

equivalent. 

 

2. Synchronized Phasor Measurements  

SPM technology is one of the most promising 

present day developments used in the field of real-

time monitoring and control of electric power systems 

[3, 7]. PMUs provide real-time measurement of 

voltage and current phasors at power system 

substations that are synchronized using GPS time 

synchronization signals, as shown in fig. 1 and 2. 

PMUs are electronic devices that use digital 

signal-processing components to measure AC 

waveforms and convert them into phasors, according 

to the system frequency, and synchronize these 

measurements under the control of GPS reference 

sources. The analog signals are sampled and 

processed by a recursive phasor algorithm to generate 

voltage and current phasors. Algorithms to compute 

phasors from measured signals use a time window of 

data samples to estimate the phasor parameters. 

Simple algorithms assume a fixed nominal frequency 

value and compute only the magnitude and the angle 

of the phasor. More elaborated and accurate 

algorithms estimate all of the three parameters [2, 10, 

12].  

A set of PMUs measure the time of zero-crossing 

of the same phase voltage at different system nodes, 

using as reference the coordinated universal time 

(UTC) and GPS synchronization. This time intervals 

are converted into angles with respect to the nominal 

frequency (50 or 60 Hz). The differences between 

these angles offer a system-wide view of the state and 

the operating conditions of the power system. 

SPM systems are currently used primarily for 

system monitoring and analysis, in applications like: 

phase angle, voltage stability and overload 

monitoring and control, state estimation, congestion 

management, system restoration and adaptive 

protection. PMUs are growing in number, and it is 

anticipated that over the next five years, up to 5,000 

PMUs will be deployed at key substations from the 

power system worldwide [5, 11]. 

 

3. Static Network Equivalents 

The widely used static network reduction 

techniques are based on system splitting into three 

parts: 

- Internal system (IS) or the system under 

observations. This is that part of the system for 

which detailed operating conditions must be 

computed. Minimal simplifying assumptions are 

introduced for the IS. 

- External system (ES) is the part of the original 

system that is located in the “far” neighborhood of 

the IS. Static network equivalents are used just to 

represent in a simplified form this part of the 

system. Simplifying assumptions introduced to 

represent this equivalent are substantial. 

- Boundary system (BS) is the part of the 

original system in the “close” neighborhood of the 

IS. Actually the BS consists of real or virtual buses 

on the interconnection lines between IS and ES. In 

most cases the BS is included in the IS and the 

boundary is considered only by the nodes in BS. 

J. B. Ward has proposed the static network 

equivalent named after him in the mid of the 20-th 

century [9]. Later, in the 1970s, P. Dimo introduced 

the REI equivalent [1], and a group of researchers 

from EPRI define the ETI equivalent [8].  

      All types of equivalents are generated based on 

the nodal equation that describes the relationship 

between complex voltages and current injections 

through the nodal-admittance matrix: 

][][][ IUY           (1) 

This equation can be partitioned on the external (E), 

boundary (B) and internal (I) buses: 
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Fig. 3 – REI Static network equivalent. Fig. 4 – Static REI equivalent network with two 

independent PMU-buses.. 

 

E YEE YEB 0  UE  JE  

B YFE YBB YFI · UB = JB (2) 

 I 0 YIB YII  UI  JI  

 E B I      

 

The REI (Radial – Equivalent – Independent) 

equivalent (REI-Eq) is defined based on eq. (1) and a 

Gauss elimination schema applied to eq. (2) with a 

modified form of the matrix [ Y ], partitioned on two 

more fictitious buses (a ground bus G, and an 

equivalencing bus R), as in eq. (3): 

 

     

E 
YEE YEG 0 YEB 0  UE  0  

G YGE YGG -yGR 0 0  0  0  

R 0 -yRG YRR 0 0 · UR = JR (3) 

B YFE 0 0 YBB YFI  UB  JB  

 I 0 0 0 YIB YII  UI  JI  

 E G R B I      

 

The Gauss elimination schema is applied to 

produce a partially triangular matrix [ Y ] on columns 

E, G and R. 

The two fictitious buses G and R are introduced 

by the so called Zero Power Balance Network 

(ZPBN), defined as a fictitious, temporary and linear 

lossless network which links the buses from the ES 

that are to be eliminated to the fictitious REI bus(es). 

Due to the lossless character of the ZPBN, the REI-

Eq preserves power losses in the initial and equivalent 

networks. The building procedure for the ZPBN is 

described in [4].   

After applying the Gauss elimination procedure to 

eq. (3), the final mathematical model can be 

associated to a network representation like the one in 

fig. 3. 

On the other hand, if the group of buses that 

defines an equivalent REI bus contains only one bus, 

the equivalent REI bus will be represented in the final 

REI-Eq by the original bus itself. This property was 

used in the algorithmic procedure to represent buses 

in the ES where PMUs were placed. In this way the 

nature of PMU-buses is kept unchanged by the Gauss 

elimination procedure. For instance, fig. 4 shows the 

REI equivalent network that uses two PMU-buses in 

the external system, denoted by PMU 1 and PMU 2. 

 

4. REI Equivalents with PMU-buses 

For the traditional model of a REI equivalent, 

contingencies can be considered only in the IS. ES 

contingencies cannot be represented unless a 

complete recalculation of the REI equivalent is run to 

include the contingency in the mathematical model. 

The new approach that uses REI equivalents with 

PMU-buses can cope with IS contingencies like the 

traditional one. For ES contingencies modeling, the 

basic assumption considers that by installing one or 

more PMUs in certain buses from the ES and by 

continuously monitoring voltage phasors in this buses 

it is possible to model the response of the ES to 

different operating conditions for both IS and ES. 

To assess the performances of the proposed 

equivalencing technique the authors have considered 

only important contingencies in the ES, such as loss 

of a large generating unit. Since the contingency 

analysis refers exclusively to the effect of different 

contingencies over the operating conditions from the 

IS, the performances of the proposed method were 

assessed using as performance indices errors for 

apparent power flows and voltage phasors only in the 

IS. Performance indices are computed as: 

][
1

1 1

MVASS
NBNC

dS
NC

k

NB

b

k
b

ref
b

 




               (4) 

[%]100
1

1 1







 
 

NC

k

NN

n
ref
n

k
n

ref
n

U

UU

NNNC
dU         (5) 

where: NC – number of contingencies; NN – number 

of node; NB – number of branches; Un
ref 

– voltage 

phasor in node n, for the reference conditions; Un
k 

– 

voltage phasor in node n, for contingency k; Sb
ref 

– 

apparent complex power flow on branch b for the 

reference conditions; Sb
k
 – apparent complex power 

on branch b for contingency k. 
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Fig. 5 – Changes made to the IEEE 57 bus system. 

 

5. Case study 

The proposed method for REI equivalent 

definition using PMU-buses in the ES was tested on 

the IEEE 57-bus test systems, using a modified 

version of the original on-line diagram. These 

changes were imposed by the need for a convenient 

definition of IS, BS and ES, on one hand, and 

contingencies in the ES, on another hand. The main 

changes applied to the original one-line diagram are 

described in fig. 5. 

The one line diagram of the IEEE 57-bus test 

system can be found in [6].  In this case, the splitting 

of the original systems was done as follows: IS (1, 19, 

20, 21, 22, 23, 24, 25, 26, 27, 28, 29, 30, 31, 32, 33, 

34, 35, 36, 37, 38, 39,40, 42, 43, 44, 45, 47, 48, 50, 

52, 53, 54, 56, 57),  BS (7, 15, 18, 41, 46, 49, 51, 55) 

and ES (2, 3, 4, 5, 6, 8, 9, 10, 11, 12, 13, 14, 16, 17, 

58). Moreover, the original bus #1 was renamed as 

#58, and a new bus #1 (the slack bus) was added (fig. 

5). Contingencies were simulated in bus #58, with 

maximum active and reactive generated powers of 

424 MW and 112 MVAr.  

Partial results of numerical simulations are 

presented in table 1. When using only 1 PMU in the 

ES, best results are obtained when the PMU is located 

in the same bus where the contingency occurs (bus 

#58). However, good approximation accuracy was 

obtained for all cases when one PMU is installed in 

the ES.  

The conclusions are the same, either the voltage 

dU or the apparent power dS performance index from 

eqs. (4) or (5) are used. In fact, fig. 6 and 7 show that 

the shape of the dU and dS curves are similar, hence 

using one or another of these performance indices is 

optional. 

If two or more PMU are installed on the buses of 

the ES, their effect over the results produced by the 

REI equivalent are greatly influenced by their relative 

position in the network. This behavior could be 

explained by the fact that the original REI equivalent 

was computed  using  completely  different  operating  

 
Fig. 6 – Power flow errors in the IS, for different 

levels of nodal contingency and different location 

of 1 PMU. 

 

Fig. 7 – Voltage errors in the IS, for different levels of 

nodal contingency and different location of 1 PMU. 

 

conditions in the ES, which can no more be 

reproduced in real-time conditions when voltages 

from the PMU-buses are fixed.  

Based on the case study presented above, it can be 

concluded that the applications of real-time 

measurements provided by PMUs installed in the ES 

can considerably improve simulation results produced 

by traditional REI equivalents. However, if 

measurement data from two or more PMUs installed 

in the ES are to be used, then PMUs location must be 

optimized for better results. As a general rule, the use 

of a single PMU in the ESys is sufficient and its best 

location corresponds to the bus the most exposed to 

outages, with a high value of generation or load. 

 

6. Conclusion 

This paper presents a new static network 

equivalencing technique that takes into consideration 

the influence of changes occurring in the external 

network based on voltage phasors measurements. The 

method was developed around the REI equivalent, but 

in principle it can be used with any other 

equivalencing technique. Numerical simulations have 

shown that real-time measurements provided by 

PMUs installed at the buses of the external system 

can considerably improve simulation results produced 

by traditional REI equivalents. 

12 

 



 

 

 

 

 

 
Table 1 – Voltage errors [%] in the IS, computed with eq. (4), for different levels of nodal contingency (loss of 

generation unit from bus #58) and different location of 1 PMU, compared with the reference case (w/o PMU). 

Contingency 

level 

Reference 

(w/o PMU) 

1 PMU at  bus: 

58 2 12 3 4 6 10 

-100% 1.293 0.350 0.564 1.023 0.881 1.068 0.905 0.403 

-90% 1.254 0.381 0.529 0.885 0.731 0.875 0.812 0.291 

-80% 1.185 0.468 0.552 0.662 0.471 0.538 0.638 0.173 

-70% 1.126 0.565 0.635 0.504 0.267 0.287 0.480 0.248 

-60% 1.039 0.617 0.742 0.413 0.211 0.210 0.359 0.389 

-50% 0.973 0.641 0.767 0.347 0.272 0.277 0.237 0.489 

-40% 0.906 0.656 0.776 0.334 0.394 0.411 0.149 0.552 

-30% 0.847 0.669 0.782 0.386 0.506 0.526 0.096 0.583 

-20% 0.794 0.681 0.782 0.469 0.610 0.623 0.139 0.587 

-10% 0.628 0.653 0.695 0.525 0.776 0.770 0.282 0.594 
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ABSTRACT 

Recent developments in power electronics components enable the use of power 

electronics in Low Voltage (LV) networks. This development makes the model of a Low 

Voltage Direct Current (LVDC) distribution system possible. The technical and 

economical benefits of this technology make possible the alternative hypothesis of using 

DC instead of AC distribution systems. Some aspects, such as increasing the capability of 

the existing lines, interconnecting distributed generation units and even supplying in DC 

some loads are creating additional requirements of using a LVDC distribution system. 

The paper presents some general considerations regarding cables used in a LVAC 

distribution system and different line reconfigurations which enable the use of cobles in a 

LVDC distribution system. The reconfigurations are presented in respect of the DC 

network topologies: unipolar and bipolar.  

The central aim of this paper is to investigate capability of power transmission and to 

calculate the transmission distance for cables used in Low Voltage AC and DC 

distribution systems.  

Capability computation is considered in respect of two constrains imposed in the cables 

cross section selection: cable thermal limit and the maximum allowable voltage drop. 

Cable thermal limit is represented in calculations by the maximum rated current. 

The equations used to calculate the power capability are presented for single-phase and 

three phase AC networks and unipolar and bipolar DC networks. Based on these 

equations, comparisons between power capability of cables with different cross sections 

used in Low Voltage DC and AC distribution systems are realized and presented. 

Keywords: Cables, Line Reconfiguration, DC systems, Power Capability, Transmission Distance 

 
1. Nomenclature 

Pmaxac – power capability in AC circuits [W]; 

Pmaxdc – power capability in DC circuits [W]; 

Imax – thermal limit [A]; 

Uf – phase voltage [V], (230 V); 

Ul – line voltage [V], (400 V); 

Udc – DC voltage [V]; 

ΔUmax[%] – maximum allowable voltage drop 

[%]; 

ΔUmax[V] – maximum allowable voltage drop [V]; 

cosφ – power factor; 

R – circuit resistance [_]; 

s – conductor cross section [mm2]; 

ρ – electrical resistivity [W·mm2/m]; 

l – feeder length [m]. 

2. Introduction 

Nowadays DC systems can be found in specific 

applications: telecommunications and electric traction 

systems. The telecommunication system uses a 

LVDC power system, and it was developed when the 

centralized battery system was built. The system is 

powered by the public network through rectifiers. 

Batteries are used to feed the system in case of a fault 

in the AC network. The DC voltages used in 

telecommunications are either +24 V or -48 V [1]. 

DC systems are also used in electric 

propulsion based vehicles and ships. Besides the 

combustion engine, hybrid electrical vehicles use an 

electric system which supply power to the wheels 

when the car accelerates and stores the power 
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produced in deceleration periods in batteries. The 

electric power is also used to supply the other loads in 

the car. A 300 V DC voltage level is suitable for full 

hybrid vehicles [2]. 

Quick development of semiconductors made 

electronic equipments to become dominant as a share 

in applications for residential buildings and offices. 

Because they use a different voltage level from the 

network, both in frequency and amplitude, the arising 

issue are the change of the voltage level, respecting 

the quality requirements. These efforts involve costs 

and energy losses. Since most electronic equipment 

used DC voltage, the questions arise regarding the use 

of DC distribution systems instead of AC distribution 

systems. 

 

3. DC Distribution Systems 

The DC systems are classified by means of 

voltage level in High Voltage DC systems (30 kV < 

U ≤ 1500 kV), Medium Voltage DC systems (1500 V 

< U ≤ 30 kV) and Low Voltage DC systems (U ≤ 

1500 V). In the following a brief descriptions is 

presented for the LVDC system. 

 

Low Voltage DC systems 

The new worldwide energy policy seeks to take 

measures to produce electricity using renewable 

energy sources [3, 4, 5, 6, 7]. In this context, a Low 

Voltage DC network can interconnect distributed 

generation units. DC voltage can be obtained directly 

by using some renewable energy sources.  

There also exists Ultra Low Voltage Direct 

Current (ULVDC) networks which are characterized 

by a voltage level up to 120 V. In practice, this 

system is used only in case of electronic equipment 

for offices and residential buildings. 

Equipments such as computers, fluorescent lamps 

with electronic ballast, or TVs use DC voltage [8]. 

They have in their configurations a rectifier, which 

converts the AC voltage into DC voltage as presented 

in Figure 1. 

 

 
Fig. 1 – AC Voltage Supply [9] 

 

The conversion process introduces harmonics in 

the AC network, which have different negative 

effects (currents in the null conductor, inadequate 

protection  operation). Such equipment can be 

supplied directly by DC voltage. Problems arise for 

the electrical machine with rotating magnetic field, 

AC motors or other equipment, which, for normal 

operation need to be supplied in AC voltage. The 

supply of the AC loads will be achieved in this case 

through an inverter which can provide AC voltage to 

the bus where more AC loads are connected as 

presented in Figure 2. 

Increasingly fewer equipment used in offices and 

residential applications are subject in operation to AC 

voltage and a proposed solution for DC and AC 

voltage distribution is shown in Figure 2. 

The number of converters is reduced compared 

with the classical solution and the power losses of the 

electronic equipment are reduced accordingly by 

waiving the process of conversion and use a scheme 

such as that proposed in Figure 2. 

 

 
Fig. 2 – AC and DC Voltage Supply [9] 

 

Besides the aspects regarding the power capability 

which will be further investigated, LVDC networks 

used at the customer end present several others 

advantages [10]: 

- safety: the DC voltage is not as dangerous for 

human body as the AC voltage, because it does not 

lead to involuntary muscle contractions. The DC 

voltage must be less than 120 V to avoid this danger 

to the human body. 

- magnetic fields are reduced; 

- application of the DC system reduces voltage 

fluctuations at the customer’s end and the operating 

voltage can be kept nearly constant; 

- since for the whole system just one rectifier is 

needed, we can chose a better quality one in which 

case with a proper control, the impact of electronic 

equipment in the AC network can be reduced by 

lowering the harmonic content; 

- a converter that allows a bidirectional flow can 

introduce energy into the AC network when there is 

an extra energy produced in the DC network due to 

increased potential of renewable energy sources. 

 

AC cable reconfiguration 

In the following, some considerations are 

presented regarding the supply of existing cables 

(used in AC systems) at DC voltage. 

All AC cables can be used in DC systems if the 

restrictive conditions imposed by the DC system are 
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fulfilled (mechanical resistance, thermal stability in 

continuous operation, thermal stability in short time 

duty, voltage drop). Usually a three phase cable 

supplied at AC voltage is made of 3, 4 or 5 

conductors as shown in Figure 3. 

 

 
Fig. 3 – Cables used in AC systems 

a) 5 wires; b) 4 wires; c) 3 wires 

 

As the AC system has two topologies (single-

phase and three-phase) the DC system may also be 

realized in two topologies: unipolar and bipolar. The 

difference between the two topologies is represented 

by the numbers of conductors and the supply voltage 

level. Unipolar and bipolar DC systems are presented 

in Figure 4. 

 
Fig. 4 – DC system [11,12] 

a) unipolar; b) 4 bipolar 

 

A unipolar or bipolar DC circuit can be achieved 

using insulated conductors or thru the reconfiguration 

of the existing AC cables. Different reconfiguration 

possibilities for a 4 wire AC cable which enable its 

use in a DC circuit are presented in Figure 5. 

 

 
Fig. 5 – 4 wire cable reconfiguration [11, 12] 

a)-b) bipolar system; c)-h) unipolar system 

 

4. Power Capability in LV DC and AC 

systems 

In the following section are presented some 

considerations (investigated cross section, 

computation equations, voltage drop, maximum rated 

current, computation hypothesis, results and graphical 

representations) regarding the power capability of 

conductors and cables supplied by AC and DC 

voltage. Conductors and cables power capability is 

represented by the maximum power that can be 

transmitted or transported for a certain distance and in 

certain imposed conditions. 

The computation for a conductor or cable power 

capability is realized taking into account the cable 

thermal limit (maximum rated current) and maximum 

allowable voltage drop. Some aspects referring to this 

constrains are presented below. 

 

Thermal limit 
An important parameter in power capability 

computation is represented by the conductor or cable 

thermal limit or maximum rated current (Imax). This 

value is fixed for different standardized conductor 

cross sections depending on the conductor material, 

insulation type, emplacement, room temperature. 

Maximum rated current values were adopted so 

that in permanent operating conditions the thermal 

effect will not cause the conductors melting or any 

insulation deterioration. The maximum rated current 

values for copper conductors with PVC insulation, 

installed in tubes, three conductors in tube are 

presented in Table 1. The thermal limits of 3 and 4 

wire copper cables with PVC insulation, installed in 

open air are presented in Table 2. 

 
Table 1 - Copper conductors thermal limit [13] 

Conductor 

cross 

section 

[mm
2
] 

Maximum 

rated 

current 

(Imax) 

[A] 

Conductor 

cross 

section 

[mm
2
] 

Maximum 

rated 

current 

(Imax) 

[A] 

1 12 25 84 

1.5 14 35 108 

2.5 20 50 135 

4 26 70 171 

6 34 95 218 

10 49 120 250 

16 64 150 280 

 

Table 2 - Copper cables thermal limit [13] 

Conductor 

cross 

section 

[mm
2
] 

Maximum 

rated 

current 

(Imax) 

[A] 

Conductor 

cross 

section 

[mm
2
] 

Maximum 

rated 

current 

(Imax) 

[A] 

1.5 18.5 70 202 

2.5 25 95 244 

4 34 120 282 

6 43 150 324 

10 60 185 371 

16 80 240 436 

25 106 300 481 

35 131 400 560 

50 159 500 - 

 

Maximum allowable voltage drop 
The conductor maximum transmitted power is 

limited also by the voltage drop ΔU[%]. The 

maximum allowable voltage drop is established as 

presented in Table 3 according to the nature of the 

circuit and supply type. 
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Table 3 - Maximum allowable voltage drop [13] 

Supply type 

ΔU[%] 

Lighting 

circuits 

Other 

circuits 

Electrical installations supplied 

through an electrical connection 

from the low voltage public 

network 

3 5 

Electrical installations supplied 

through a transformer 
8 10 

 

Computation equations 
The equations used to determine the power 

capability of conductors or cables used in different 

circuit types (single-phase AC, three-phase AC, 

unipolar DC and bipolar DC) are presented below. 

The power capability was determined according to 

two constraints: thermal limit and maximum 

allowable voltage drop. 

 

a) Single-phase AC circuit 

a1. Thermal limit 

cosmaxmax fac UIP  , W  (1) 

a2. Maximum allowable voltage drop 

ff U

RI

U

VU
U maxmax
max

][
[%] 


 ,% (2) 

From equation (2): 

)2(

[%]

)2(

[%][%] maxmaxmax

max
l

sUU

s

l

UU

R

UU
I

fff
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From equations (1) and (3) will result the power 

capability in respect of maximum allowable voltage 

drop: 
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max
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sUU
P
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ac



 , W  (4) 

 

b) Three-phase AC circuit 

b1. Thermal limit 

cos3 maxmax lac UIP  , W  (5) 

b2. Maximum allowable voltage drop 

ll U

RI

U

VU
U maxmax

max

][
[%] 
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From equation (6): 
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From equations (5) and (7) will result the power 

capability in respect of maximum allowable voltage 

drop: 

l

sUU
P l

ac


cos[%]3 2

max
max


 , W (8) 

 

c) Unipolar DC circuit 

c1. Thermal limit 

dcdc UIP maxmax  , W  (9) 

c2. Maximum allowable voltage drop 

dcdc U

RI

U

VU
U maxmax

max

][
[%] 


 ,% (10) 

From equation (10): 
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I dcdcdc












,A (11) 

From equations (9) and (11) will result the power 

capability in respect of maximum allowable voltage 

drop: 

)2(

[%] 2

max
max

l

sUU
P dc

dc



 , W (12) 

 

d) Bipolar DC circuit 

d1. Thermal limit 

dcdc UIP maxmax 2 , W  (13) 

d2. Maximum allowable voltage drop 

dcdc U
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U

VU
U maxmax

max

][
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 ,% (14) 

From equation (10): 
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,A (15) 

From equations (13) and (15) will result the power 

capability in respect of maximum allowable voltage 

drop: 

l

sUU
P dc

dc


2

max

max

[%]2
 , W (16) 

 

5. Results and graphical representations 

The power capability of different conductors and 

cables was determined and represented as a function 

of transmission distance. In this purpose, certain 

computation premises were established: conductor 

material is copper for which ρCu= 0.0178 W·mm
2
/m; 

the maximum rated current for the considered cross 

section are from Table 1 and Table 2; the maximum 

allowable voltage drop is 5%, ΔUmax[%] = 5%; Uf = 

230 V and Ul = 400 V; cosφ = 0.9. 

Comparisons between power capabilities for 

conductors and cables with different cross sections 

used in Low Voltage DC and AC distribution systems 

were realized and are further presented. 

 

Conductors 

Even if in this case the results were predictable, 

several conductor cross section (1.5 mm
2
, 2.5 mm

2
, 4 

mm
2
, 6 mm

2
, 10 mm

2
, mm

2
, 16 mm

2
, 25 mm

2
, 35 

mm
2
, 50 mm

2
, 70 mm

2
, 95 mm

2
, 120 mm

2
 and 150 

mm
2
) were investigated and the power capability of 

the conductor used in a single-phase AC was 

compared with the one obtained for the same 

conductor used in a unipolar DC circuit. The results 

obtained for the 2.5 mm
2
 cross section used in a 

unipolar DC circuits and single-phase AC circuits 

(variable power factor) are presented in Figure 6. 
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Fig. 6 – Power capability for a 2.5 mm2 copper 

conductor 

 

Cables 

Different copper cables were investigated in 

respect of power capability: 3x35 mm
2
, 3x35+16 

mm
2
, 4x35 mm

2
. For all this cables, used in three-

phase AC circuit and unipolar and bipolar DC circuit, 

the power capability was calculated at different 

voltage levels. The European Union directive 

2006/95/EC enables the use of DC voltage 

distribution systems up to 1500 V DC [14]. In these 

circumstances, the voltage levels used in 

computations were 400 V and 1000 V AC and 400 V, 

750 V, 900 V, 1500 V DC Voltage. 

The investigation could be carried out in the 

hypothesis that the cables can be supplied to AC 

voltage up to 1000 V and DC voltage up to 1500 V. 

The results obtained are similar for all cable 

investigated. In the following figures are presented 

the results obtained for the 4x35 mm2 copper cable 

used in: a three-phase AC circuit (Figure 3b); a 

unipolar DC circuit (Figure 5d); a bipolar DC circuit 

(Figure 5b). After cable reconfiguration, in case of a 

DC bipolar circuit, one conductor remains unused. 

 

 
Fig. 7 – Power capability for a 4x35 mm2 copper cable 

Udc = 400 V 

 
Fig. 8 – Power capability for a 4x35 mm2 copper cable 

Udc = 750 V 

 
Fig. 9 – Power capability for a 4x35 mm2 copper cable 

Udc = 900 V 

 
Fig. 10 – Power capability for a 4x35 mm2 copper cable 

Udc = 1500 V 
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6. Conclusions  

Even if the LVDC distribution system is a new 

concept in energy distribution some consideration 

regarding the reconfiguration of cables used in AC 

systems which enable their usage in DC systems are 

presented. Investigations were carried out in respect 

of power capability and transmission distance for 

cables used in AC and DC systems. The theoretical 

information regarding power capability computation 

is presented for single-phase and three-phase AC 

circuits and unipolar and bipolar DC circuits. Based 

on them the power capability could be presented in 

graphical representations as a function of 

transmission distance. For the investigated conductors 

the predictable results were presented: power 

capability of a cable used in a unipolar DC circuit is 

greater then of a single-phase AC circuit due to the 

power factor which in DC does not interfere. 

Interesting results reveled for cables. As it can be 

seen in the graphical representations power capability 

of reconfigured cables used in DC bipolar circuits is 

greater then of three-phase AC circuits for the same 

voltage level (400 V). If the DC voltage level 

increases (750 V, 900 V and 1500 V) the power 

capability increases, and it is much greater then the 

three-phase AC circuits even for the unipolar DC 

circuit. 

Through the reconfigured AC lines used in a DC 

system, a higher transmission power and transmission 

distance can be achieved. 
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ABSTRACT 

The segment of loads causing harmonic pollution of power systems is increasing due to 

the rising volume of electronic and power electronic components. Each nonlinear load 

generates periodic events (e.g. harmonics) that could lead to serious problems within 

power system networks and its components (e.g. transformers). If transformers operate in 

networks where the harmonic spectra exceed a certain limit, they will additionally be 

heated up and losses are increased, compared to operation under normal conditions. This 

paper discusses different effects of harmonics on power transformers, such as increasing 

power losses, reduction of efficiency, decrease of power factor and derating of 

transformers. An economical analysis is performed in order to determinate the life cycle 

cost of transformers for different rated powers 

Keywords: transformers, power quality problems, harmonics 

 
1. Introduction 

Transformer simulation under sinusoidal 

operating conditions is a well-researched subject and 

many steady state and transient models are available. 

The measurement and calculation methods, 

required by the standards, accurately determine a 

transformer’s losses and energy efficiency when it 

supplies linear resistive and/or inductive loads. The 

method used to determine total losses requires the 

summation of no-load losses and load losses. These 

losses are determined by performing an open-circuit 

and a short-circuit tests. 

Unfortunately, modern electrical distribution 

systems typically supply a high percentage of non-

linear electronic loads. As a result, transformer losses 

increase and energy efficiencies decrease. The level 

of deterioration is a function of harmonic voltage 

magnitudes at a transformer’s primary terminals, 

load-generated harmonic current magnitudes at its 

secondary terminals and their phase configurations. 

There are, unfortunately, no recognized standards for 

determining a transformer losses or efficiency under 

these non-linear conditions. 

As a result, it is necessary to investigate more 

detailed the effects of these new operation conditions 

on the components of the power systems, especially 

for power transformers. 

 

2. Transformers efficiency 

Distribution transformers are very efficient 

electrical machines reaching maximum efficiency at 

the level of 97,5% to 99,4%. Operating efficiency is 

smaller because transformers do not operate at 

maximum efficiency all the time (Figure 1). 

 

 
Fig. 1 – Transformer efficiency 

 

This maximum efficiency point is at the point 

where load losses proportional to square of 
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transformer load are equal to the no load losses which 

are constant and appear all the time when the 

transformer is energized (usually between 40% and 

50% loading). 

Transformer losses are produced by the electrical 

current flowing through the coils and the magnetic 

field alternating in the core. The losses associated 

with the coils are called load losses, while the losses 

produced in the core are called no-load losses. 

The no-load losses are basically the power 

required to keep the core energized. These are 

commonly referred to as “core losses,” and they exist 

whenever the unit is energized. No-load losses 

depend primarily upon the voltage and frequency, so 

under operational conditions they vary only slightly 

with system variations. 

Load losses, as the terminology might suggest, 

result from load currents flowing through the 

transformer. The two components of the load losses 

are the I
2
R losses and the stray losses. I

2
R losses are 

based on the measured DC (direct current) resistance, 

the value of which is due to the winding conductors 

and the current at a given load. 

The stray losses are a term given to the 

accumulation of the additional losses experienced by 

the transformer, which includes winding eddy losses 

and losses due to the effects of leakage flux entering 

the internal metallic structures. 

Auxiliary losses refer to the power required to run 

auxiliary cooling equipment, such as fans and pumps; 

they are not normally included in the total losses as 

defined above. 

 

3. Transformer Losses  

Transformer losses can be determinate with the 

following mathematical expression:  

ST PPP += 0            (1) 

where:  

     PT - total losses in transformer; 

     P0 - no-load losses; 

     PS - load losses. 

 

 3.1 Transformer no-load losses 

No-load losses (also referred to as excitation 

losses, core losses, or iron losses) are a very small 

part of the power rating of the transformer, usually 

less than 1%. However, these losses are considered 

constant over the lifetime of the transformer (do not 

vary with load), and thus they generally represent a 

sizeable operating expense, especially if energy costs 

are high. Therefore, accurate measurements are 

essential in order to evaluate individual transformer 

performance accurately. 

No-load losses are usually quoted and reported 

based on a sine-wave voltage excitation. Even with a 

sinusoidal source voltage, the non-linearity of the 

transformer core introduces significant harmonics 

into the excitation current and could result in 

distorted excitation voltage and flux waveforms. The 

magnitude of the voltage waveform distortion is 

usually determined by the output impedance of the 

voltage source and the magnitude and harmonics of 

the excitation current. The higher these parameters 

are, the greater will be the magnitude of the voltage 

waveform distortion. 

No-load losses include losses due to 

magnetization of the core, dielectric losses in the 

insulation, and winding losses due to the flow of the 

exciting current and any circulating currents in 

parallel conductors. 

Hysteresis losses are caused by the frictional 

movement of magnetic domains in the core 

laminations being magnetized and demagnetized by 

alternation of the magnetic field. These losses depend 

on the type of material used to build the core. Silicon 

steel has much lower hysteresis than normal steel but 

amorphous metal has much better performance than 

silicon steel. Nowadays hysteresis losses can be 

reduced by material processing such as cold rolling, 

laser treatment or grain orientation. 

Hysteresis losses are usually responsible for more 

than a half of total no-load losses (50% to 70%). This 

ratio was smaller in the past (due to the higher 

contribution of eddy current losses particularly in 

relatively thick and not laser treated sheets). 

Eddy current losses are caused by varying 

magnetic fields inducing eddy currents in the 

laminations and thus generating heat. These losses 

can be reduced by building the core from thin 

laminated sheets insulated from each other by a thin 

varnish layer to reduce eddy currents. Eddy current 

losses nowadays usually account for 30% to 50% of 

total no-load losses. When assessing efforts in 

improving distribution transformer efficiency, the 

biggest progress has been achieved in mitigation of 

these losses. 

There are also marginal stray and dielectric losses 

which occur in the transformer core, accounting 

usually for no more than 1% of total no-load losses. 

Core or no-load losses is due to the voltage 

excitation of the core. Even though the magnetizing 

current does include harmonics, these are extremely 

small compared with the load current and their effect 

on the losses is negligible. 

 

 3.2 Transformer load losses 

These losses are commonly called copper losses 

or short circuit losses. 

Transformer load losses include I
2
R losses in 

windings due to load current, eddy losses due to 

leakage fluxes in the windings, stray losses caused by 

stray flux in the core clamps, magnetic shields, tank 

wall, etc., and losses due to the flowing of current in 

parallel windings and parallel conductors within 

windings. 

SLECS PPIRP ++×= 2
          (1) 

where:  

     RI
2
 - losses due value of the current and 
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resistance of the transformer; 

     PEC - eddy losses; 

     PSL - stray losses. 

Load losses vary according to the transformer 

loading; they are composed of: 

· Ohmic heat losses sometimes referred to as 

copper losses, since this resistive component of 

load losses dominates. These losses occur in 

transformer windings and are caused by the 

resistance of the conductors. The magnitude of 

these losses increases with the square of the load 

current and are proportional to the resistance of 

the windings. They can be reduced by increasing 

the cross-section of conductor or by reducing the 

winding length. Using copper as the conductor 

maintains the balance between weight, size, cost 

and resistance; adding an additional amount to 

increase conductor diameter, consistent with other 

design constraints, reduces losses. 

· Eddy currents, due to magnetic fields caused by 

alternating current, also occur in the windings. 

Reducing the cross-section of the conductor 

reduces eddy currents, so stranded conductors are 

used to achieve the required low resistance while 

controlling eddy current losses. Effectively, this 

means that the 'winding' is made up of a number 

of parallel windings. Since each of these windings 

would experience a slightly different flux, the 

voltage would be slightly different and connecting 

the ends would result in circulating currents which 

would contribute to losses. This is avoided by the 

use of continuously transposed conductor, in 

which the strands are frequently transposed to 

average the flux differences and equalize the 

voltage. 

 

 3.3 Transformer losses in sinusoidal operating 

state 

In an ideal clean power system, the current and 

voltage waveforms are pure sinusoids. In practice, 

non-sinusoidal currents result when the current 

flowing in the load is not linearly related to the 

applied voltage. In a simple circuit containing only 

linear circuit elements - resistance, inductance and 

capacitance - the current which flows is proportional 

to the applied voltage (at a particular frequency) so 

that, if a sinusoidal voltage is applied, a sinusoidal 

current will flow. 

In this state, the losses in transformers can be 

mathematically determinate by: 

               DPT = DPCu + DPFe            (3) 

where:  

    ΔPFe - losses due magnetization of the core (it 

is given in the manufactures catalogues); 

    ΔPCu - total losses in windings of the 

transformer. 

 Total losses in windings are calculated with:     

  
2b×D=D nCuCu PP             (4) 

where:  

    ΔPnCu - copper losses (it is given in the 

manufactures catalogues); 

    β - loading of the transformer.. 

 

 3.3 Transformer losses in non-sinusoidal state 

The transformers operation in non-sinusoidal 

conditions produces supplementary power losses in 

its components: windings and magnetic circuits. 

Losses in transformers are: 

- losses due value of the current and resistance of the 

transformer; 

- stray magnetic losses in the core; 

- eddy current and resistive losses in the windings. 

The magnitude of the ohmic losses increases with 

the square of the load current and are proportional to 

the resistance of the windings. 

If the variation with frequency of the electrical 

resistance (R) is neglected (it will be the resistance 

for the fundamental harmonic), power losses in 

copper can be determinate with:  

)1(3 22

1max ICu IRP d+×××=D            (5) 

where:  

    Imax1 - maximum value for the fundamental 

current; 

    δI - total harmonic distortion for current. 

There are no test methods available to determine 

individual winding eddy current loss or to separate 

transformer stray losses from eddy current losses. 

Instead, the total stray and eddy current losses are 

determined by determining the total load losses and 

subtracting the calculated ohmic losses. 

Eddy currents, just like any other electrical 

currents, are affected by the resistance of the material 

in which the currents flow. The resistance of any 

material is inversely proportional to its cross-

sectional area. 

Out of these, eddy current losses are of most 

concern when harmonics are presented, because they 

increase with the square of the frequency. 

Before the excess losses can be determined, the 

harmonic spectrum of the load current must be 

known. 
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where:  

           h - harmonic order, 1,2,3, etc.; 

           hmax - the greatest harmonic order to be 

considered; 

Ih - current at harmonic order h, amperes; 

IR - rated current, amperes; 

PEC,f - eddy current loss at rated current and 

frequency. 

As a result, to reduce power losses, it is necessary 

to reduce the maximum power load of the transformer 

or to take extra care in the design stage. Reducing the 

maximum power load is a practice called “de-rating”. 
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4. Economical evaluation of losses and life 

cycle cost of transformers 

Transformer losses represent power that can not 

be delivered to customers and therefore have an 

associated economic cost to the transformer 

user/owner. 

A reduction in transformer losses generally results 

in an increase in the transformer’s cost. Depending on 

the application, there may be an economic benefit to a 

transformer with reduced losses and high price (initial 

cost), and vice versa. This process is typically dealt 

with through the use of “losses evaluations,” which 

place a EURO value on the transformer losses to 

calculate a total owning cost that is a combination of 

the purchase price and the losses. Typically, each of 

the transformer’s individual losses parameters - no-

load losses, load losses, and auxiliary losses - are 

assigned a EURO value per kW (EURO/kW). 

 

4.1 Cost of annual energy losses 

The annual energy losses of a transformer can be 

estimated from the following formula: 

8760)( 2

0 ××+= LPPW Sloss            (7) 

in which: 

Wloss - is the annual energy loss in kWh; 

L – is the average per-unit load on the 

transformer; 

8760 – number of hours in a year [h/year]. 

To calculate the losses cost, it is necessary to 

establish their value (in prices) at the moment of 

transformer purchase, trough capital values. This is 

called the Total Capitalized Cost of the losses, 

TCCloss. 

This can be calculated using the formula (8): 

8760
)1(

1)1(
××

+×

--
×= kWhn

n

lossloss C
ii

i
WTCC     (8) 

where: 

i – is the estimated interest rate[%/year]; 

n – is the expected life time of the transformer 

[years]; 

CkWh - kWh price [EURO/year]. 

To perform the economical analysis of a 

transformer, it is necessary to calculate its life cycle 

cost. 

 

4.2 Life cycle cost of transformers 

Taking in account only the purchase price and the 

cost of losses, total cost of transformer can be 

calculated by: 

TCT = PT + A × P0 + B × Psc           (9) 

where: 

     PT– is the purchase price of transformer; 

     A – the assigned cost of no-load losses per 

watt; 

     P0 – is the rated no-load losses; 

     B – the assigned cost of load losses per watt; 

     Psc - is the rated load losses. 

A simple method is proposed for determination of 

A and B factor for distribution transformers. 

No-load losses capitalization (A): 

8760
)1(

1)1(
××

+×

-+
= kWhn

n

C
ii

i
A          (10) 

Load losses capitalization (B): 
2

8760
)1(

1)1(
÷÷
ø

ö
çç
è

æ
×××

+×

-+
=

n

l

kWhn

n

I

I
C

ii

i
B       (11) 

where: 

Il – loading current; 

In – rated current. 

Information obtained from such an analysis can be 

used to compare prices from different manufacturers 

or to decide on the optimum time to replace existing 

transformers. 

 

5. Case study 

Today the production of transformers is 

characterized by a large variety of designs, 

manufactured in relatively short batches to meet the 

demands of a variety of consumers. 

Using the above models to determine power 

losses and life cycle cost of transformers, a numerical 

application has been implemented for more oil 

transformers. The characteristics of the studied 

transformers are presented in following (Table 1): 
 

Table 1 – Transformer characteristics 

 
 

The variation of power losses is presented for a 

transformer witch has rated power equal to 160 kVA. 

Losses variation, as a function of the total harmonic 

distortion for currents, is presented below (the load of 

transformer have different values such as 60%, 80% 

and 100%) – Figure 2. 

Transformers loading conditions are probably 

most influential as far, for optimum selection of 

distribution transformer losses. 

Total Capitalized Cost of the losses for studied 

transformers, when the loading range between 10% 

and 100%, is presented in Figure 3. 

Lifetime is a crucial component of TCT 

calculation. Transformers are durable and have long 

life cycle. 

The Total Cost (TCT) for studied transformers is 

presented in the following (Figure 4); the loading of 

transformer is considered 60% and total harmonic 

distortion for current (THD) takes different values (5, 

15, 25, 35 and 50 %).   
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Fig. 2 – Power losses as a function of Total Harmonic 

Distortion for current for different loads 
 

 
 

Fig. 3 – TCC of  losses for different transformers 

 

6. Conclusions 

The non-linear consumers are the consumers that 

generate non-sinusoidal evolution in three-phase 

systems. The presence of harmonics components has 

a bad influence on the transformers: the technical 

efficiency is reduced. Ensuring a sinusoidal operation 

state allows, for the same volume of supplied energy, 

minimum of power losses. Because the losses are 

higher, the operating temperature of the transformer 

is higher and the lifetime is considerably shortened. 

Even moderately loaded transformers supplying IT 

loads will have much lower lifetimes than expected 

unless proper precautions are taken. The economic 

effects of harmonics are shorter equipment lifetime 

and reduced energy efficiency. Equipment such as 

transformers is usually expected to last for 30 or 40 

years and having to replace them in 7 to 10 years can 

have serious financial consequences. The business 

risk posed by power quality problems is a real one 

with even ‘low tech’ industries being exposed to 

serious financial losses. On the other hand, prevention 

is relatively cheap ranging from simple good practice 

design techniques to the installation of widely 

available support equipment. 

 
Fig. 4 – Total cost of transformers for different values of 

THD 

 

Such a complete technical and economical model 

is useful through its ability to stress opportunities and 

technical measures to support the strategies aimed to 

increase the efficiency of distribution industry. 
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ABSTRACT 

Public distribution systems are responsible for supplying electrical power to households 

and tertiary receivers and consumers located in a habitable area. The distortion state 

appearance in such distribution systems is inevitable under present technological con-

ditions. Our paper determines, based on records from 2000, 2005 and 2009 the specific 

indicators of the distortion state related to voltage and current, their evolving trend over 

a 5-year interval and 9-year interval, as well as their deviations from the norms imposed 

by our country’s regulations. We also present the main steps to be taken and the technical 

means for reducing the disruptive effects of harmonic pollution. 

Keywords: distorting state, harmonic, total harmonic distortion, power distribution system. 

 
1. Introduction 

Energy always represented, in every area and 

country of the world, an attribute of human society, 

with a key role in the sustainable development of 

mankind [1]. At the same time, energy constitutes an 

infrastructure element, indispensable to life, and as 

such it should be available for all human activities. 

By public power distribution system are under-

stand the totality of: 110 kV power lines; 110 kV 

connection stations; 110 kV/MV and MV/MV 

transforming stations; LV and MV power distribution 

lines; MV/LV transforming stations. These systems 

supply energy to household and tertiary consumers 

(i.e. commercial, social-cultural consumers, public 

services and small industrial consumers), located in a 

rural or urban habitable area [2]. 

The appearance of the non-sinusoidal (distortion) 

state in public electrical power supply systems is 

inevitable under present technological conditions, 

because any element of a non-linear or parametrical 

circuit represents a harmonic source [1]. The response 

signal of such an element, excited by a sinusoidal 

signal, is a non-sinusoidal periodical signal. The 

harmonics generation and the waveform pollution 

existence in power networks are important aspects 

facing the power utilities, and serious power quality 

problems can be caused by distorted currents from 

those nonlinear loads. Also, the increase in nonlinear 

loads might even distort the voltage grid [3]. 

Harmonic distortion can be caused by both active 

and passive non-linear devices in a power distribution 

system. For example, the power transformer, 

generates a magnetization current with third-order 

and higher odd harmonics. In the past, these passive 

devices were the primary source of harmonics. 

Presently, most harmonic distortion is generated by 

input stage of electronic power converters [4]. 

In the future, we expect an increase in the number 

and in the power of distorting elements, as well as a 

great variety of collecting points of distorting small 

consumers, who now represent more than 30% of 

consumers supplied at low voltage, with a high 

annual increase rate of approximately 0.5 % [1], [5]. 

The electronic nonlinear devices proliferation 

such as adjustable speed drives, inverters and 

personal computers in the past two or three decades 

has caused severe harmonic distortion in power 

distribution systems, and the harmonics distort 

fundamental voltage and current waveforms with 

many negative effects on power systems [6].The issue 

of the each distorting element contribution to the 

harmonic currents flow is a current one in this domain 

studies, and attempts have been made to set more 

specific rules, responding to the complexity of the 

matter. Setting rules too severe can thus lead to 

unjustified economic costs, required for consumer 

adaptation. Besides, an ethical problem appears con-

cerning the responsibilities of power customers and 

suppliers [2]. 

In accordance with [7], we have considered as 

parameters characterizing the distortion state of the 

total harmonic distortion coefficient (U - THDu) and 
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the harmonic level ( u ), both for even and uneven 

harmonics. By comparing to other international 

regulations, can observe that is no difference between 

various electrical devices, connected to a 400/380 V, 

because aren’t values indicated for the maximum 

currents in amps of the various receiver categories. 

 

2. The Origins of Harmonic Distortions. 

One of the earlier methods for harmonic source 

localization is based on the real power direction in 

which the side that produces greater harmonic power 

is responsible for harmonic distortion [8]. 

In the electrical power supply systems, the dis-

tortion state or the harmonic distortion derives from 

the distortion of the voltage and current wave, so that 

the spectral analysis brings out multiple frequencies 

of the fundamental one [1], [9]. Voltages are not 

perfectly sinusoidal in a supply system, since certain 

electrical devices, absorbing non-sinusoidal currents, 

spread them by distorting, at the same time, the vol-

tage wave. These distortions are spread through the 

electrical network [10].  

In the public electrical power supply systems, the 

distortion state is produced by the distorting elements 

generating or amplifying harmonic voltages and 

currents. Such distorting elements can be divided into 

the following categories [11]: 

 Elements which, supplied with rigorously 

sinusoidal voltages or currents, produce distor-

ting phenomena, such as arc furnaces, welding 

devices, rectifiers and, more generally, any 

highly non-linear circuit element.  

 Elements which do not generate distorting phe-

nomena, but which, being supplied with dis-

torting currents, amplify this distortion. This 

category includes electrical lines when their own 

inductances and capacitances form oscillating 

circuits, whose frequency may coincide with the 

one of the harmonic currents produced by 

elements generating distorting phenomena.  

In order to mitigate harmonic problem, the 

knowledge of the locations of the harmonic sources 

may be helpful. By locating the harmonic sources, 

responsible parties may be penalized for causing 

distortion in the supplied power that result in the loss 

of efficiency in power systems [12], [13]. In addition, 

distortion state sources can also be classified as 

follows [1], [5], [11]: 
 Harmonic voltage sources, represented by sour-

ces producing non-sinusoidal electromotive 

voltages. For such sources, voltage and current 

waves are alternately symmetrical and contain 

only uneven harmonics consequently. Even 

harmonics are mainly generated by harmonic 

current sources. The mutual dependency between 

current and voltage harmonics is strongly 

influenced both by the reactance and the configu-

ration of the electrical network, and by the 

resonance phenomena that may appear under 

certain circumstances. 

 Harmonic current sources, represented by distor-

ting elements which, in a sinusoidal voltage state, 

usually introduce superior harmonics into the 

current absorbed from the electrical distribution 

network. As for the values of the harmonic 

voltages generated in the source connection 

point, these are proportional to the intensities of 

the generated harmonic currents, as well as to the 

values of the equivalent impedances of the 

electrical network. As stated above, the sources 

responsible for the distortion state can exist both 

in the energy suppliers’ and the consumers’ 

electrical networks.  

Today, the main sources of low power harmonics 

in public electrical power supply systems are 

represented by strip lighting (called fluorescent), TV-

sets, computers, printers, faxes, copying machines 

and, more and more often, the whole range of 

domestic electrical appliances [11]. All these 

receivers have input supply systems for electrical 

devices with switch-mode-power-supply commuting 

sources [1]. The major problems of these receivers 

are mostly related to the variety of connection points 

in power distribution systems, with implications for 

current flow. The main effects of supply systems in a 

distortion state are the following: increase in active 

power losses; appearance of overvoltage in electrical 

network nodes and in appliance terminals; over 

currents; malfunctioning of measuring devices, 

protection and automation devices, counters, 

measuring transformers, other fittings in the supply 

systems, remote-controlled devices; increase of noise 

produced by electrical machines and other appliances; 

telephone distortions, etc. [1], [9]. 

 

3. The Distortion State Analysis in Electric 

Energy Distribution Systems 

In order to examine the distortion state, certain 

records have been provided with Alpha Power Plus-

meters [2] for specific parameters of distorting state. 

These records have been made in several substations 

supplied from the 20 kV distribution network, on the 

LV bar level (0.4 kV). To bring out the time har-

monic level evolution, the records have been made in 

working days of 2000, 2005 and 2009, respectively, 

out of 20 substations from urban distribution. The 

substations where the records have been supplied 

various consumers: household, street lighting, small, 

large and very large plazas, hotels, and restaurants. In 

this respect, for each substation, on the 0.4 kV bar 

level, all measurements have been made, at 15-minute 

intervals, in working days, for the voltage and current 

harmonics content up to 15
th
 harmonic, the actual 

voltage and current values, total distortion 

coefficients for current and voltage for the three 

phases. Figure 1 presents an example of the records 

made with the Alpha-meter for two distinct phases, at 

the same moment of the day [11]. Accordingly with 

the measurements effectuated with the Alpha-meter 

there have been determined the phase shift between 
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the vectors attached to voltage and current, for each 

phase, according to fig. 2. Generally, the phase 

difference between the two vectors, are different on 

those three phases, to every recorded harmonics, but 

practically and in accordance with the records given, 

it can be considered that the phase difference between 

the two vectors, on fundamental, are approximately 

equal on those three phases. 

 

 
Fig. 1 - Record of the Alpha-meter for two distinct phases, at the same moment of the day 

 

 

The level of voltage and current harmonics is 

estimated with coefficients u  and i , calculated for 

each single phase and defined accordingly: 

100
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U

U k
u  [%],      100

1


I

Ik
i  [%]      (1) 

Where: kU , kI – k-harmonic order for voltage and 

current; 1U , 1I – 1
st
 harmonic (the fundamental one). 

 

 
Fig. 2 –Records in substations that offer information 

regarding the phase difference between nonsinusoidal 

voltage and current vectors  

 

The Total Harmonic Distortion coefficient (THD) 

in voltage and current for each phase is calculated 

and defined by relations such as: 
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For the provided measurements, the maximum le-

vel of the recorded harmonics being 15, the 

superscript in relations (2) takes this value. 

The Root Mean Square (RMS) in voltage and 

current for non-sinusoidal values is defined and 

calculated with the following expressions: 
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In these situations, the DC component (the 0 

harmonic) being null, the inferior sum index is 1, and 

the superior one, 15. Since relations (3) are known 

through measurements, as voltage and current 

harmonic levels umk  and imk (m–phase index, m= 

a, b, c; k – harmonic order) and actual values mU , mI , 

the fundamental amplitude
 mU1  and mI1  can be: 
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The actual values of each harmonic for voltage and 

current are calculated with the following relations:                              

mukmkm UU 1   [V],     mikmkm II 1   [A],     (5) 

m=a, b, c;     k = 2,3,…,15 

The value of the voltage and current residual 

distortion can be determined with the formulae: 
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In order to study the distortion state in conversion 

stations, for each phase, the following characteristic 

values have been determined, both for voltage and 

current: the actual non-sinusoidal values, the actual 

fundamental and all the harmonics (up to harmonic 

15), the total distortion coefficients, the residual distor-

tion, the temporal evolution of these values.  

The examples offered in this paper are the results 

related to the specific parameters of the distortion 

state, for four conversion stations only. Thus, tables 

1, 2 and 3 present the distortion state features pertai-

ning to voltage for the years 2000, 2005 and 2009, 

respectively, in a working day. 
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Table 1. Parameters of the distortion state for voltage in 2000 
 Substation 11 Substation 63 Substation 68 Substation 413 

phase a b c a b c a b c a b c 

U (V) 225.40 225.6 225.4 232.00 231.3 231.0 214.20 212.8 213.3 223.60 223.5 224.1 

U1(V) 225.37 225.5 225.3 231.98 231.2 230.9 214.16 212.7 213.2 223.58 223.4 224.0 

U2 0.59 1.35 1.35 0.12 0.67 0.16 0.66 1.49 1.53 0.47 0.60 1.66 

U3 1.62 0.95 0.95 0.46 2.71 0.95 0.88 1.53 2.13 1.27 2.44 0.56 

U4 0.14 0.99 0.99 0.05 0.97 0.05 0.58 1.08 0.98 0.29 0.92 1.01 

U5 2.95 1.44 1.44 2.55 1.32 0.90 3.75 4.15 5.46 1.45 2.59 1.88 

U6 0.14 0.83 0.83 0.28 0.81 1.48 0.21 0.79 0.72 0.29 0.71 1.14 

U7 1.89 2.28 2.28 1.16 2.31 1.15 1.20 0.51 1.71 0.31 1.14 1.55 

U8 0.18 0.56 0.56 0.21 0.60 0.42 0.24 1.19 0.98 0.13 1.27 1.08 

U9 0.14 0.90 0.90 0.37 1.64 0.55 0.49 1.04 0.98 0.76 1.74 1.55 

U10 0.14 1.31 1.31 0.07 1.11 0.46 0.15 1.55 0.68 0.02 1.25 1.08 

U11 0.36 1.01 1.01 0.63 1.80 0.76 0.79 0.91 1.36 2.01 2.17 2.69 

U12 0.02 1.01 1.01 0.05 0.97 0.42 0.06 0.91 1.53 0.07 1.16 1.16 

U13 0.45 1.51 1.51 0.19 1.18 0.67 0.90 1.77 1.30 0.80 1.85 2.08 

U14 0.20 0.95 0.95 0.07 1.57 0.49 0.06 1.23 1.11 0.13 1.34 1.08 

U15 0.09 1.58 1.58 0.37 0.76 0.39 0.17 1.74 1.00 0.42 1.14 1.43 

THDU 1.78 3.34 3.5 1.35 2.8 2.89 1.97 4.63 3.8 1.78 3.64 4.04 

Ud(V) 3.97 4.72 4.71 2.99 5.42 2.75 4.34 6.17 7.18 3.12 5.87 5.67 
 

 

Table 2. Parameters of the distortion state for voltage in 2005 
 Substation 11 Substation 63 Substation 68 Substation 413 

phase a b c a b c a b c a b c 

U (V) 229.8 229.5 230.1 233.9 233.1 232.0 225.3 224.2 224.4 227.7 227.9 227.4 

U1(V) 225,37 225,54 225,32 231,95 231,25 230,94 214,16 212,72 213,24 223,55 223,44 224,03 

U2    0,69 0,77 1,31 0,65 0,81 0,35 0,81 2,04 1,41 0,83 0,78 1,48 

U3 1,60 1,65 1,76 0,99 0,99 1,08 1,11 0,40 0,23 1,36 2,36 1,25 

U4 0,20 0,95 1,22 0,16 1,25 1,06 0,25 0,06 0,95 0,15 0,91 1,03 

U5 1,35 1,33 2,99 4,10 2,22 3,48 2,33 3,80 2,87 1,16 2,05 1,16 

U6 0,11 0,68 0,70 0,09 1,45 0,90 0,25 0,72 0,63 0,17 0,80 1,34 

U7 2,52 2,89 2,68 1,76 0,43 0,90 1,99 2,42 0,91 3,59 0,96 2,75 

U8 0,18 1,49 0,58 0,11 0,60 1,08 0,04 0,38 0,57 0,08 0,58 1,45 

U9 0,65 1,06 1,44 0,69 1,68 0,43 0,66 1,40 0,78 0,80 1,20 0,60 

U10 0,13 1,06 1,10 0,11 1,36 1,15 0,08 0,65 1,02 0,17 1,38 1,09 

U11 0,81 0,56 1,91 0,12 0,90 0,90 1,02 1,48 2,11 1,00 1,98 1,85 

U12 0,02 0,90 1,49 0,07 1,52 1,33 0,06 0,25 1,30 0,02 0,93 0,89 

U13 0,67 1,28 1,19 0,18 0,92 0,76 1,28 1,42 0,68 0,64 1,40 1,07 

U14 0,20 1,56 0,97 0,16 1,52 1,15 0,19 0,46 1,42 0,17 1,54 0,67 

U15 0,32 1,47 0,99 0,62 0,92 1,27 0,21 0,63 1,49 0,31 1,00 1,72 

THDU 1.71 3.44 2.83 2.13 2.97 3.85 1.99 2.60 3.27 1.93 3.90 2.52 

Ud(V) 3,61 5,15 5,98 4,73 4,76 5,00 3,83 5,72 5,03 4,37 5,17 5,30 
 

 

Table 3. Parameters of the distortion state for voltage in 2009 
 Substation 11 Substation 63 Substation 68 Substation 413 

phase a b c a b c a b c a b c 

U (V) 226.2 227.2 227.3 233.7 233.1 239.2 221.8 223.6 224.5 229.8 230.6 230.6 

U1(V) 226,17 227,15 227,25 233,3 231,3 239,1 221,3 223,3 224,1 229,7 230,5 230,5 

U2 0,15 0,81 1,34 0,86 0,81 0,16 0,77 0,61 0,53 0,87 0,62 0,76 

U3 1,72 2,067 0,591 1,22 0,99 0,98 1,92 2,25 3,22 2,59 2,51 3,08 

U4 0,04 1,022 1,204 0,25 1,25 0,04 0,19 0,17 0,40 1,01 0,94 1,04 

U5 1,44 1,908 0,909 1,11 2,22 0,93 3,78 3,75 5,57 1,79 2,67 1,52 

U6 0,29 0,840 1,431 0,18 1,45 1,53 0,24 0,42 0,47 0,64 0,73 1,38 

U7 1,81 0,567 0,659 2,43 0,43 1,19 3,27 2,99 3,34 1,97 1,17 4,40 

U8 0,23 0,613 0,636 0,09 0,60 0,43 0,11 0,82 0,49 0,62 1,31 0,66 

U9 0,95 1,635 1,29 0,61 1,68 0,57 0,75 1,54 2,04 0,25 1,79 0,76 

U10 0,09 1,362 1,136 0,18 1,36 0,47 0,08 1,72 0,69 1,07 1,29 1,15 

U11 0,75 1,091 1,772 0,44 0,90 0,78 0,62 0,42 0,81 1,21 2,23 1,71 

U12 0,07 1,022 1,499 0.65 1,52 0,43 0,06 0,92 0,78 1,44 1,19 0,94 

U13 0,63 0,908 0,99 2,22 0,92 0,69 0,82 1,49 2,73 0,85 1,91 1,04 

U14 0,03 0,931 0,909 0,21 1,52 0,51 0,08 1,16 2,11 0,66 1,38 0,81 

U15 0,61 1,431 1,408 0,25 0,92 0,40 0,28 1,31 1,32 1,99 1,17 0,89 

THDU 1.76 3.91 3.46 1.85 2.97 3.29 3.26 2.83 4.05 2.05 4.16 3.06 

Ud(V) 3,27 4,64 4,41 2.99 4,61 4.13 5,58 6,41 7,55 5,14 6,05 6,59 
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Table 4. Parameters of the distortion state pertaining to voltage  

– time evolution. Values deviating from [7] 
 Hour: 4 am Hour: 10 am Hour: 10 pm 

phase a b c a b c a b c 

U (V) 228.9 227.5 230.8 222.8 221.6 223.1 225 224.4 227.2 

U1(V) 228.8 227.5 230.8 222.77 221.6 223.1 224.94 224.3 227.2 

U2 (%)  0.801 0.751 0.323 0.4901 0.222 0.156 1.5746 1.727 0.409 

U3 (%) 0.984 1.979 0.923 1.0025 1.329 1.606 0.8098 2.512 2.113 

U4 (%) 1.03 0.955 0.138 0.3119 0.066 0.022 1.0347 0.942 0.136 

U5 (%) 1.899 1.615 1.362 1.4703 1.219 1.829 2.3619 2.624 1.704 

U6 (%) 0.847 1.365 0.254 0.401 0.554 0.29 0.8098 1.144 0.091 

U7 (%) 1.716 1.046 0.854 0.4678 0.82 0.892 0.8773 1.077 1.045 

U8 (%) 1.693 0.66 0.254 0.1782 0.421 0.156 0.6074 1.054 0.114 

U9 (%) 1.053 0.546 0.485 0.8911 0.222 0.758 1.5071 2.086 0.931 

U10 (%) 1.373 1.137 0.138 2.1163 0.465 0.134 1.1472 1.144 0.091 

U11 (%) 1.121 0.682 0.277 0.3787 1.595 0.513 1.9795 1.862 1.045 

U12 (%) 1.007 0.955 0.115 0.0446 0.288 0.067 1.0347 1.099 0.068 

U13 (%) 1.808 1.024 0.069 0.4901 1.108 0.602 1.1922 1.817 0.954 

U14 (%) 1.556 1.569 0.162 0.1337 0.51 0.089 1.5521 1.346 0.045 

U15 (%) 0.847 1.387 0.254 2.1163 0.377 0.357 0.9898 1.525 0.613 

THDU 1.64 3.44 2.92 0.94 2.75 3.2 1.31 2 2.26 

Ud(V) 4.948 4.449 2.032 3.7511 2.998 2.866 4.9966 6.199 3.453 

 
Table 5. Voltage harmonics and distortion coefficients calculated in substations. 

Values deviating from [7] 
 Substation 11 Substation 63 Substation 68 Substation 413 

phase a b c a b c a b c a b c 

U (V) 225.4 225.6 225.4 232.00 231.3 231.0 214.20 212.8 213.3 223.60 223.5 224.1 

U1(V) 225.37 225.55 225.35 231.98 231.24 230.98 214.16 212.71 213.18 223.58 223.42 224.03 

U2 (%)  0.26 0.6 0.6 0.05 0.29 0.07 0.31 0.7 0.72 0.21 0.27 0.74 

U3 (%) 0.72 0.42 0.42 0.2 1.17 0.41 0.41 0.72 1 0.57 1.09 0.25 

U4 (%) 0.06 0.44 0.44 0.02 0.42 0.02 0.27 0.51 0.46 0.13 0.41 0.45 

U5 (%) 1.31 0.64 0.64 1.1 0.57 0.39 1.75 1.95 2.56 0.65 1.16 0.84 

U6 (%) 0.06 0.37 0.37 0.12 0.35 0.64 0.1 0.37 0.34 0.13 0.32 0.51 

U7 (%) 0.84 1.01 1.01 0.5 1 0.5 0.56 0.24 0.8 0.14 0.51 0.69 

U8 (%) 0.08 0.25 0.25 0.09 0.26 0.18 0.11 0.56 0.46 0.06 0.57 0.48 

U9 (%) 0.06 0.4 0.4 0.16 0.71 0.24 0.23 0.49 0.46 0.34 0.78 0.69 

U10 (%) 0.06 0.58 0.58 0.03 0.48 0.2 0.07 0.73 0.32 0.01 0.56 0.48 

U11 (%) 0.16 0.45 0.45 0.27 0.78 0.33 0.37 0.43 0.64 0.9 0.97 1.2 

U12 (%) 0.01 0.45 0.45 0.02 0.42 0.18 0.03 0.43 0.72 0.03 0.52 0.52 

U13 (%) 0.2 0.67 0.67 0.08 0.51 0.29 0.42 0.83 0.61 0.36 0.83 0.93 

U14 (%) 0.09 0.42 0.42 0.03 0.68 0.21 0.03 0.58 0.52 0.06 0.6 0.48 

U15 (%) 0.04 0.7 0.7 0.16 0.33 0.17 0.08 0.82 0.47 0.19 0.51 0.64 

THDU  1.78 3.34 3.5 1.35 2.8 2.89 1.97 4.63 3.8 1.78 3.64 4.04 

 

Table 4 shows the time evolution, in various 

moments of the day, for voltage specific parameters 

of the distortion state, and table 5 presents the voltage 

harmonics and the distortion coefficients computed in 

the substations LV bar level deviating from the our 

country’s regulation values. The analysis of presented 

data in table 5 shows the existence of a strong 

distortion state, set for most phases and for most of 

the recorded harmonics. 

 

4. Steps for Reducing the Effects of Harmonic 

Pollution 

The distorting phenomena, inevitable in power 

distribution systems, have negative effects upon po-

wer sources, distribution networks, consumers, mea-

surement systems and protection systems with relays. 

The disadvantages caused by harmonic distortions 

can be either instantaneous, or proportional to the 

duration of distortions, depending on the nature of the 

appliances supplied from the electrical networks. 

Most often, instantaneous effects can be related to a 

certain functioning of electronic devices, such as the 

appearance of pulsing pairs for magnetic actuators. 

These effects mainly derive either from an important 

voltage vacuum, or from the shift in the passing 

through zero of the voltage wave. As for the effects 

proportional to the duration of distortions, these are 

generally related to the heating of rotating electrical 

devices and capacitors. Such effects also lead to the 

appearance of extra power losses in the power 

distribution systems components [11]. 

In designing step, the possibilities of having a 

distortion state need to be controlled through the 

following checkouts [1]: 

 Check on the parameters of the non-sinusoidal 

periodical state by calculating the level of harmonic 

voltages ( u ) and of the total distortion coefficient 

(THDu), depending on the values of the harmonic 

currents specified by the producer of the devices or 

measured in similar systems, as well as on the 

harmonic impedances (Zn) of the electrical network 

supply in respective area. 
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 Check on the possible appearance of resonance 

phenomena when planning to set up a capacitor for 

compensating the reactive power: check on the 

possible appearance of resonance, i.e. both harmonic 

over voltages for the circuit made up of the capacitor 

and of the electrical network supply, and the overload 

of the capacitor. 

To reduce harmonic effects on customer loads and 

power system device most utilities have established 

their own harmonic voltage and/or current limits. 

Harmonic voltages are categorized as [14]: 

 Background harmonics - the harmonics existing 

in a network as a result of all harmonic sources 

connected to it. 

 Additional harmonics - harmonics generated by 

new harmonic sources to be connected to the 

network at some point of common coupling 

(PCC). 

In order to connect a consumer generating harmo-

nic distortions to the electrical network, the most 

common steps to be taken so as to limit the distortion 

state are the following [1], [5], [11]: 

 Small distorting power consumers can be con-

nected with no problems to the electrical network.  

  Important distorting power consumers should 

compensate for the distortion state, usually by 

setting up harmonic filters. With new systems, 

these filters are set up when the level of harmonic 

voltages and of the total distortion coefficient 

revealed by calculation do not fit the allowed 

limits set by regulations. For existing systems, 

setting up filters is necessary when measurements 

indicate parameters exceeding the non-sinusoidal 

(distortion) periodical state or when there is a risk 

of a resonance phenomenon for one of the 

harmonics produced by this state. 

 

5. Conclusions 

This analysis shows that the public electrical 

power supply system functions in a distortion state in 

which the norms prescribed by [7] are exceeded in 

almost all respects. It has been observed that, in the 

receiver’s structure supplied from the analyzed 

substations, the main distortion elements in the LV 

distribution networks are fluorescent lighting, color 

TV-sets, computers, printers, faxes. An increase in 

the distortion state has been noticed by comparing its 

specific parameters for the years 2000, 2005 and 

2009. Due to the existence of a great number of small 

power nonlinear elements connected in various points 

of the LV distribution network, the intensity of the 

distortion state manifestation also depends, to a great 

extent, on the load curve in the network bus. 
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ABSTRACT 

Actually, the repartition networks in our country are of 110 kV and will increase also on 

this voltage in the future. These networks run in radial or looped (meshed) configuration 

and supply the 110kV/MV step down transformer station. Trough these stations are 

supplying with electricity a big number of home and third party consumers located in 

urban habitable area. These are the captive consumers. For improving the voltage level 

in repartition networks nodes and to reduce the power losses and active energy, for the 

networks which run in loop configuration, in the actually practice of exploitation, it can 

be use optimally un-loop of the network or the application of supplementary voltages, in 

phase and quadrature, with the help of busters. 

Keywords: repartition system, power flow, optimization 

 
1. Introduction 

The human society evolution was permanently 

connected of energy consumption increase, in various 

forms. Within the forms of energy consumed, the 

share of electricity increased continuously by reason 

of its special qualities: the facility of conversion in 

other forms of useful energy; the possibility of fast 

transmission at distances with high efficiency; the 

possibility of economic distribution to a lot number of 

consumers, structures and different powers; the 

possibility of being measured with high precision etc.  

All economic and social sectors of developed 

countries depend increasingly of electricity. Actually, 

over 30 percent of primary energy consumed in the 

world is transformed in electricity, with high growth 

prospects in the future. 

The World Energy Council carefully examined the 

evolution of the world level in energy field, 

publishing one report, entitled Energy for 

Tomorrow‟s World. Acting now! The aim of this 

reports was to elaborate a new set of objectives of 

political energetic to obtain [1]: the elimination of 

lack energy anywhere on globe, an quality and 

reliability improvement of energy delivered for 

consumers, a negative impact minimization on the 

environment and health, due to the development of 

the ways in which the electric energy is produced.  

Public distribution systems supply energy to 

household, tertiary and small industrial consumers, 

which are captive consumers. The HV repartition 

systems for the urban area are built in accordance 

with the requested consumption and with the 

configuration of the local area, considering also the 

configuration of the MV networks from around. 

Considering the consumption forecasting for the next 

15…20 years, the voltages level in repartition 

networks are 110 kV and will increase in future of 

this level. Generally, the 110 kV repartition networks 

are looped or complex looped configuration, the 

electric energy supply being realized at the bars of 

two different injections points [2]. 

The high quality of electricity of supplied 

electricity to consumers represents a demand of a first 

significance in electrical networks operation process. 

The voltage value in distinct nodes of the networks 

depends, first way of the flowed reactive powers state 

[3]. The voltages maintain between admissible limits 

represents an essential problem in design and 

operation electric networks [1]. 

Around the cities with over 250.000 habitants, 

from our country, the 110 kV repartition systems 

presents, generally, a loop configuration (annular). 

Different section which composed these rings was 

built in different stages, according with the 

development of those cities. From this reason, in 

many cases, 110 kV repartition network is not 

homogeneous (x0/r0= constant), there is a difference 

between the powers flow in the real or natural case 

and in the optimal or economical case [1], [4]. 

In design and exploitation process, for increase 
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the levels of the voltages in networks nodes and to 

reduce the power and active energy losses which 

appear in repartition networks elements, can be 

adopted a series of constructive, technological and 

exploitation measures, for changing the real power 

flows getting it closer by optimal power flow [3], [5]. 

 

2. The Power Flow Optimization in Non-

homogeneous Looped Networks  

Power flow analysis is the mostly used solution in 

power system operation, planning and management. 

This problem is the steady state complex bus voltages 

computation when the system load and generation 

pattern are specified. Then, to solve the problem, 

nodal bus power equations expressed in terms of the 

bus voltages and network admittances are used. Must 

e mentioned that all power flow techniques use a very 

familiar solutions structure [6]. 

Let us consider the electricity repartition network 

shown in fig. 1 with a looped configuration that has 

(n+1) lines or sections that supplies n consumers. The 

aim is to determine the powers flow that ensures a 

minimum active power loss (power losses through 

Joule effect). The power losses vary with the network 

configuration and compensation level. They are 

associated with the resistive elements of lines and of 

HV/MV transformers. Assuming for the loads a 

constant current model, losses at MV/LV 

transformers since they are not varying with current 

and other losses terms like those due to insulation of 

lines and capacitors can be neglected [7]. 

 

 
Fig. 1 – The single-phase 110 kV repartition network in 

looped configuration 

 

Assuming a constant voltage in the network, equal 

with the nominal one (U=Un), it is determined the 

expression of power losses through Joule effect, 

depending on the active and reactive powers that flow 

in the network. Writing the active and reactive 

powers from every section depending on the powers 

from the first one (P1, Q1), and those from every 

network bus ( '
kP and '

kQ , nk ,1 ), the active power 

losses expression (ΔP) depends only on P1 and Q1.  

According to the minimum active power losses 

criteria, if reduce to zero the partial differential of the 

active power loss regarding P1 and Q1 ( 01  PP , 

01  PP ) the optimal (abbreviation, opt) powers 

flow in the first section of the network, P1opt and Q1opt, 

presents the following forms: 
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Where: rk ,

 

1,1  nk : the resistances of those n+1 

network sections; '
kP and '

kQ , nk ,1 : the active and 

reactive powers in each repartition network node 

(powers supplied to the n step-down stations). 

The analysis of the expression (1) shows that in a 

loop network the active power losses are minimal 

when the active and reactive powers flow establishes 

only after the resistance of every section of the 

network. In reality, in alternating current circuits, this 

flow depends on the impedances of every section. So, 

in real cases (superscript, real) the active and reactive 

power flow ( realP1 and realQ1 ), in 1 section, is [1]: 
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Where 1,1,  nkzk  represent the impedances of 

the (n+1) sections of the network. 

Comparing expressions (1) and (2), one can 

observe that the flow in the real case is identically 

with the optimal one only when, for all the sections of 

the network, the 00 rx  ratio is constant, the network 

being homogeneous. This criterion is not always 

satisfied for the electric energy transmission, 

repartition and distribution networks.  

The significant non-homogeneities are in loop 

networks with electric lines at different voltages, 

connected through high power autotransformers or 

transformers. The reactance of the transformers is 

from 10 to 30 times higher than their resistance, the 

same ratio for lines being between 1.5 and 3. In these 

networks, with much non-homogeneity, there is a 

difference between the powers flow in the real case 

and in the optimal one, the active power losses being 

much bigger in the first case.  

In public non-homogeneous repartition networks 

that operate in looped configuration, the change of 

power flow, getting it in the real case closer to the 

optimal one, can be achieved through the following 

methods [1]:  

 The optimally un-loop of the network. 

 The supplementary voltages application, in phase 

and qudrature. 

   ′ 
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 The lines accord with capacitor banks through 

longitudinal compensation. 

 

3. The Long-Transversal Voltage Regulation 

in Public Repartition Networks 

The active and reactive powers flow divides 

unreasonably in non-homogeneous loop networks, 

leading to high active and reactive powers losses and 

voltage drops in the network buses [1], [2].  

According to some countries regulations, the 

voltage magnitudes in steady state must be placed 

between 93% and 105% of system nominal voltage. 

There might be yet another cost for the distribution 

concessionaire, when there are voltage drops over 

4%, beyond the costs with active power losses. The 

imposition of these limits induces the concessionaires 

to raise the quality of service to their customers. But, 

to fulfill all these regulations, a detailed study of 

voltage correction alternatives must be carried out for 

it to be effective and inexpensive [8]. 

One of the efficient methods to reduce the losses 

and to improve the voltage level in the nodes of the 

inhomogeneous looped networks is supplementary 

voltages application, in phase and quadrature. This 

method allows the change of powers flow in non-

homogeneous looped networks in real case, getting it 

closer to optimal one. This thing can be realized with 

phase shifting transformers (PSTs) or quadrature 

boosters (QBs) help [1], being a useful option for 

controlling power flow over repartition lines, because 

they offer the possibility of flexibly increasing 

utilization of network thermal capacity under a 

variety of different conditions, such as to use the 

available network capacity in a ‘smart’ way [9]. Both 

the magnitude and direction of power flow can be 

controlled by varying the phase shift of PST [10].  

According to fig. 2 the secondary winding of the 

booster (B) is connected in series with a line from the 

loop network, and the primary winding is supplied 

from the adjustable transformer (TR) or 

autotransformer (ATR) [1].  

 

 
Fig. 2 – Basic diagram of the buster:  

a) Online diagram; b) basic diagram 

 

In this way, can be assuring a range of regulation 

from 10 % to 15 % from the network nominal 

voltage. As regards the power losses on the all 

installation, these are approximate with 0,5% of the 

power flow from the controlled line. Also, the voltage 

level at each load connection point is one of the most 

important parameters for the quality of supply [11]. 

The technical regulations or specific contracts define 

the allowed voltage range that bounds the maximum 

permitted variation of every bus-bar voltage [12]. 

By using some connections between the booster 

and the mains transformer or autotransformer, the 

units of this type can introduce a supplementary 

voltage in quadrature, defining so called transversal 

adjustment control, according with fig. 3. In this case, 

the unit is finding in the specialised literature under 

the static phase changer name. With a restricted 

range of use, the transversal adjustment control is 

correlative used with the longitudinal adjustment 

control, when the supplementary voltage in the loop 

is in phase with the network voltage, also defining so 

called long-transversal adjustment control [1], [4]. 

 

 
Fig. 3 – Three-phase and vector diagram which 

corresponding with the transversal adjustment control 
 

Also, to introduce additional voltages in power 

networks, double induction regulator composed by 

two electrical machines with the rotors directly 

coupled (to cancelled their couples), can be used. The 

rotors windings are supplied at power network 

voltage and the stator windings are on series mounted 

on the network, according to fig. 4.  

 

 
Fig. 4 – Basic diagram for the two inductions  

regulator usage 
 By adopting some adequate connections between 

the stator windings, a variable voltage can be obtain, 
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in phase and quadrature with power network voltage. 

To illustrate the effect of supplementary voltages 

application, the non-homogeneous loop network from 

fig. 5 is considered. As seen, at section 1-2 a booster 

is connected. The total impedance of the loop is 

  jXRZ  and the voltage phase in the supplying 

point 1 is  0
11

jeUU  . 

 

 
 

Fig. 5 - The application of a supplementary voltage in a 

HV non-homogeneous loop network 

 

Applying a supplementary voltage (abbreviation, 

s) 
sqsps

jUUU   (where 
spU  is supplementary 

voltage in phase and 
sqU  is supplementary voltage in 

quadrature) in the loop appears an additional 

current,
 ZUI

ss / , an additional flow ( sS ) of 

active and reactive powers: 

 

ssss
jQPIUS 

*

1
                    (3) 

 

The computation expressions for active and 

reactive supplementary powers, is: 
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Analyzing expressions (3) and (4) one can observe 

these aspects: 

o when   XR , the term Usp modifies, especially, 

the reactive power flow and the term Usq modifies, 

especially, the active power flow; 

o when 
  XR , the term Usp modifies, especially, 

the active power flow and Usq, modifies the reactive 

power flow. 

Taking into account the aim - to decrease the 

active power losses and to increase the levels of buses 

voltage - the supplementary voltages that are to be 

introduced are determined starting from the 

difference between the apparent power flow in the 

real and optimal case 
sS  (

s
S  represents the 

supplementary apparent power flow
sS , given by 

expression (3)). Solving the linear system given by 

expressions (4), the supplementary voltages, 
spU  

and
sqU , are computed. 

 

4. Case Example 

To exemplify the above described method to 

reduce active power losses and to improve the voltage 

level in the buses which are connected the step-down 

transformer stations, a real case with a non-

homogeneous overhead repartition network, in looped 

configuration having 110 kV nominal voltages, is 

considered. The online diagram of the analyzed 

network is presented in fig. 6.  On section 1-2 at the 

110 kV line from the high voltage repartition 

network, a buster is connected. The material and 

topology characteristics of the repartition network 

sections are shown in fig. 6. 

 

 
Fig. 6 - 110 kV repartition network online diagram. 

 

In table 1 are presented the loads supplied to the 

step-down transformer station connected in the 

repartition network, for maximum (peak load) and 

minimum load (goal load). 

 
Table 1 - Active power and power factor in repartition 

network node at peak and goal load state 

Bus 

No. 

CPmin  

[MW] 

CPmax  

[MW] 

GPmin  

[MW] 

GPmax  

[MW] 
mincos  

maxcos  

2 12 28 - - 0.85 0.89 

3 16 36 25 60 0.86 0.88 

4 24 42 - - 0.84 0.87 

5 18 27 - - 0.84 0.88 

6 14 24 - - 0.86 0.88 

7 17 32 - - 0.85 0.88 

8 10 19 - - 0.86 0.89 

9 14 25 - - 0.85 0.87 

10 18 20 - - 0.85 0.87 

 

For the computation of the continuous rating of 

the repartition network a software application based 

on Newton-Raphson method was used, and the first 

bus being considered slack node. This bus voltage of 

this node was considered 118 kV at peak load and 

116 kV at minimum load. In this way, it had been 
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determined the real and optimal power flow, at the 

maximum and minimum load. In figs. 7 and 8 the 

active and reactive powers flow (natural or economic) 

on sections and the voltage levels at peak load, in the 

network nodes, are shortly presented. Also figs. 9 and 

10 present the same information for the goal load.  

 

 
 

Fig. 7 - The powers flow and voltage levels, in the real 

case at peak load 

 

 
 
Fig. 8 - The powers flow and voltage levels, in the 

optimal case at peak load 

 

 
Fig. 9 - The powers flow and voltage levels, in the real 

case at goal load 

 

Considering the numerous network non-

homogeneities, there is a significant difference 

between the apparent power flow in the real and 

optimal case:  

 
v

s

v
SS 4.138 + j13.07 [MW, MVAr] at 

peak load (abbreviation, v); 

 
g

s

g
SS 2.22 + j5.05 [MW, MVAr] at goal 

load (abbreviation, g). 

 

 
Fig. 10 - Power flow and the voltage levels, in the 

optimal case at goal load 

 

To bring the HV repartition network analyzed to 

the optimal operating state, a supplementary voltage, 

( 445.001.6 jU
v

s   [kV] for maximum or peak load 

and 114.0383.2 jU
g

s   [kV] for goal load), must be 

applied through booster transformer, emplaced on the 

lines between 1 and 2 buses of the repartition network 

in looped configuration. 

 

5. Conclusions 

The change of the power flow in HV repartition 

networks in loop configuration by application of 

supplementary voltages, in phase and quadrature, is 

one of the most efficient methods to reduce the losses 

and to improve the voltage level in the buses of the 

non-homogeneous loop networks. In the paper, a new 

approach for power flow optimization and voltage 

level improvement is proposed. Then, for analyzed 

power repartition networks, the reduction of power 

losses are 3,686 MW at peak load and 0,138 MW at 

goal load. Also, the voltage levels was considerable 

improve. 

The application of this method in operation 

demand the existence of a regulation assembly with 

booster transformers emplaced on power repartition 

line from the non-homogeneous looped network 

which have to admit the introduction on the loop of 

some supplementary voltage in phase and quadrature, 

adjustable voltages respectively. 

When the real state from the repartition network 

admit, that is either the step-down transformer 

stations connected is achieved in the input-output 

system, either one of the loop sections can be 

disconnected (in this case, the section which can be 

disconnected are between the nodes 5 and 6), the 

change of the natural (real) power flow can be 

achieved also trough optimally un-loop of loop 

configuration repartition network and also trough its 

real state operation in radial configuration.  

In the analyzed network case, for the studied 

extremes states: maximum or peak load and minimum 
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or goal load, the consumption separation on the two 

bars systems can be realized in the step-down 

transformer stations number 6. This solution is 

disadvantageous because the supplying security level 

with electricity the consumers is reduced.  
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ABSTRACT 

Paper refers to a special group of electrical machines, namely to the proper 

electromagnetic linear kinematics and oscillating ones (named “electromagnetic 

reciprocating motors”, EMRM).Problem set in the paper consists in the highlighting 

shortcomings of known EMRMs (left open after a first coarse selection) and in the search 

for solutions to improve their performances. Solution offered by the work lies in the 

proposal of a remarkable number of new variants of the original EMRM construction to 

improve unsatisfactory performances. Validation of these solutions makes a number of 

laboratory (and some industrial) functional prototypes and the patents obtained or in 

progress of obtaining.  

Keywords: electrical machines, electromagnetic reciprocating motors 

 
1. Introduction 

Many industrial and household applications − 

pumps, compressors, saws, hammers, etc. − use the 

proper electromagnetic reciprocating drive systems 

(PEMRDS) [1, 2] (PEMRDs represent a serious rivals 

for other reciprocating drive systems: either 

“electromechanical” (with a rotating electric motor 

and an additional mechanical motion converter) or 

“hydropneumatic” ones). The first basic function of a 

PEMRDs − namely the electromechanical conversion 

of energy − is carried out by the proper 

electromagnetic reciprocating motors (PEMRM) 

with, generally, a linear oscillating kinematics or, in 

particular, with a rotating reciprocating motion. From 

this power point of view the here approached large 

stroke proper electromagnetic reciprocating motors 

(shortly EMRM) provide an important active energy 

to the reciprocating working machine (RWM), unlike 

the short stroke electromagnetic vibrators (EMV) 

which convert an instantaneous oscillating power 

with a substantial reactive component. Any PEMRDS 

must be able to operate in one or more than one 

steady-state “electromagnetic-mechanical and power” 

admissible regimes which are determined by the 

crossover point (stationary working point) of the 

speed-force mechanical characteristic of the EMRM 

and that of the RWM, V = f (F) and V=f(Fr), 

respectively [V, F, Fr are stationary root mean square 

(r.m.s.) values of the fundamental harmonics of 

instantaneous velocity (v(t)), electromagnetic force 

produced (f(t)) and resistive force (fr(t))]. The 

essential restriction imposed to various steady-state 

operation modes is the static stability condition of the 

PEMRDS, at a certain working point A, which is 

ensured if (dFr/dV)A>(dF/dV)A. This condition is 

fulfilled by all the PEMRDSs with transversal flux 

type EMRMs [2]; some problems arise only for 

longitudinal flux type EMVs but which are out of 

discussion in this paper. 

The second important function of a PEMRDS is 

the reciprocating motor speed regulation (strictly 

correlated with the frequency and oscillating 

amplitude regulation) in an admissible speed 

(frequency, stroke) range (required by the RWM to 

supply the reciprocating technological process needs), 

and which must occur with minimum values of the 

steady-state errors and of the transient response 

durations. 

The technical and economical problem with the 

known proper EMRMs (regarding the good 

implementation of above-mentioned two fundamental 

tasks of the PEMRDSs) appear in connection with the 

following drawbacks [2]: 

• upper limitation of the mass-specific 

electromagnetic force produced (related to the mobile 

armature mass – for the handheld tools – or to the 
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total mass of the active materials – in general) 

because of a thermal admissible restrictions imposed 

to the current and magnetic flux densities; 

• incomplete momentary utilization of the active 

materials: iron, cooper; 

• unavoidable mechanical and electrical 

(oscillating) reactive power circulation, with negative 

effects upon the armature windings power factor. 

Although there are many researches oriented to 

the optimal control of all electric motor types the 

EMRMs) however a new constructive and functional 

concepts are less approached, except a few patented 

EMRM technical solutions [3,4] based on use of good 

but expensive unreliable and only of small dimension 

permanent magnets (PM) either for the mobile 

armature construction or as stator magnetic excitation 

component. 

The basic idea of this work consists in the 

removal of EMRM’s drawbacks trough a series of 

conceptual improvements applicable into patented 

inventions. The first above-mentioned drawback, 

typical for those electric motors which work with 

electro-mechanical transients, can be removed (in 

order to achieve the performances of hydro-

pneumatic systems) only through researches and 

revolutionary developments in the field of the 

magnetic materials, electrical insulation and cooling 

systems. In this work it is not approached these 

aspects considering the use of usual soft magnetic 

materials (possibly with oriented crystals), normal 

electrical insulation systems and natural cooling (or 

any type of self-ventilation). For this reason the paper 

will focus on countering the last two shortcomings, 

namely on a more complete momentary use of active 

materials and to improve power factor of the energy 

consumed by AC. 

The next chapter will be restricted (in a justified 

way) in the field of those EMRMs which merit to be 

analyzed and improved, emphasizing the 

disadvantages of the significant exemplars. 

In the third chapter the author proposes new 

constructive solutions to improve the unsatisfactory 

quality indicators of the known EMRM variants. 

Final chapter concludes about the central idea and 

significance of paper (in a broader perspective) 

refreshing a major contribution of the author, 

connections with other areas, and future directions of 

research recommended.  

 

2. Drawbacks of known EMRMs 

An exhaustive comparative analysis of all known 

EMRM technical solutions at the end of last century 

is done in the synthesis work [2]. Excluding the 

“active inductive” variants (either classical “electro-

dynamic type” or inverted construction type, the last 

having a mobile permanent magnet (PM) excitation) 

either because of their use only as vibrators (EDV) or 

because of PM mobile armature’s disadvantages 

(high cost, small unit size, reduced resistance to 

vibrations) and eliminating from the study the 

“reactive-noninductive” (proper reactive) variants 

(simple ones but which have an unacceptable power 

behavior of the single armature winding – reflected in 

a very small values of the power factor), only the 

“reactive inductive” variants (RI-EMRM) will remain 

in competition. These RI-EMRMs (no winding on the 

mobile armature, but the both windings – armature 

type and inductor (excitation) one – placed on the 

stator) are characterized by a “DC controllable” 

compensation of the both inertial (mechanical) and 

inductive (of electrical AC armature winding) 

reactive power consumption (high values of the AC 

working armature winding power factor). 

From the point of view of momentary use of 

active materials of the stator the RI-EMRHs can be 

classified [2] in the following three categories: 

1 - two stators type RI-EMRM (see Figure 1); 

2 - single stator type RI-EMRM with incomplete 

momentary use (reduced to half) of the windings’ 

copper either of the armature winding or of the 

excitation one (see Figure 2) (the first case is the 

usual situation because of the major importance of the 

excitation winding as, at the same values of the r.m.s. 

currents and of the maximum ampere-turns, the 

excitation coil section must be “2” times bigger than 

the armature coil section). 

3 - single stator type RI-EMRM with complete 

momentary use of the both armature and excitation 

half-windings (see Figure 3). 

 

 
Fig. 1 – Two stators type reactive-inductive EMRMs: a) 

plane–shape variant, proposed by O. Roubicek [5]; b) 

“tandem” type inverted construction electrodynamic 

vibrator [2]; c) “Marinescu” type modified reactive-

inductive “oscillomotor” [2]   
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Fig. 2 – Single stator type RI-EMRMs with 

incomplete use of armature winding ampere-turns: a) 

longitudinal section of plane or cylindrical variants with 

distributed AW [2,6,10]; b) plane-shaped linear 

synchronous oscillating motor [7]; c) cylindrical shaped 

RI-EMRM [8]; d) plane-shaped longitudinal flux 

variant    

 

After the use of the mobile armature’s iron the 

above-mentioned RI-EMRMs can be: 

I – with two bilateral semi-mobile armatures 

(MA) which are acted in counter-time (a half 

momentary use of the MA’s iron); 

II – with a single MA alternatively acted in the 

both directions by the alternating electromagnetic 

force (a complete momentary used of the MA’s iron). 

 

 
 

Fig. 3 – Single stator type RI-EMRMs with complete  

momentary use of copper: a) with double counter-time 

moving MAs [2]; b) with bilateral counter-time acted 

MA [9]; c) with double U-shaped SMC and bilateral 

MA [11]; d) modified “Marinescu” type EMRM with 

only one MA [2]    
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Since obviously the variant of two stators type 

EMRM [2, 5] has the biggest momentary 

consumption of the active materials it means that this 

is the worst solution. Therefore, these technical 

solutions will not be reviewed here (but possibly as a 

basis for obtaining variants of “mono-stator” 

solutions). 

The single stator (SS) reactive-inductive type 

EMRMs which have an incomplete momentary use of 

the active materials (IMUAM) derive from 

two-stators variants by different ways of merging of 

their principal components. By “back to back” 

positioning of two electrodynamic vibrator’s inverted 

construction (each one having a fixed armature 

winding (AW) distributed in an annular slots of the 

stator’s inner cylindrical surface and a ring-shaped 

ferromagnetic salient pole inner mobile armatures – 

BMA in Figure 1.b) and by retaining of an only one 

fixed excitation coil (detached from the two 

magnetically and mechanically interconnected mobile 

armature’s ferromagnetic ring shaped poles) it obtains 

the principial construction figured in Figure 2.a 

[2,6,10]. The replacement of the distributed armature 

half-windings (Figure 2.a) with concentrated ones 

(flanked by axial, progressively saturated, 

ferromagnetic shunts) leads to the plane shaped 

magnetic circuit (MC) variant from Figure 2.b [7] 

(the same solution can be obtained trough a few 

topological modifications of the plane-shaped 

configuration of Roubicek long stroke low frequency 

EMRM [5]). 

An improved (from point of view of iron losses 

and overall sizes diminution) cylindrical laminated 

MC industrial application are described in [8] and 

shown in Figure 2.c. 

The main drawback of the SS-IR-IMUAM type 

electromagnetic reciprocating motors is the pulsatory 

motional time variation of the magnetic flux linkage 

between the excitation winding and each of the two 

half-armature (induced) windings. Thus the motional 

e.m.f. and consequently the electromagnetic force 

produced will have the half value comparatively with 

the case of an alternative time variation of the 

motional “excitation - armature winding” magnetic 

linkage (specific to SS-IR-CMUAM type EMRMs). 

The most important and representative SS-

IREMRMs with complete momentary use of the 

windings ampere-turns have a general bridge- shaped 

magnetic circuit (BMC) with the excitation and 

armature magnetization sources (entirely or braked up 

in two equal parts) placed usually each in the one 

diagonal of the bridge and whose pairs of counter-

time “position varying” reluctance occupy the 

opposite branches of the bridge, or inversely (see 

Figure 3). 

By the side of the magnetic diagrams in Figure 3 

are represented the schematic drawings of same 

important known (utilized or proposed for various 

applications) SS-IR-CMUAM type EMRMs. In spite 

of the complete momentary use of the windings 

copper and of the quasi-integral instantaneous 

utilization of the stator iron, the first three variants [2, 

9] present the following drawbacks: 

• reduction to one half of instantaneous use of the 

double mobile armature’s iron and from this reason 

an inefficient use as long stroke high frequency 

EMRM; 

• the impossibility of obtaining a compact 

cylindrical construction; 

• a relative complex spatial materialization. 

The last embodiment [2] (from Figure 3.d) 

eliminates the first above-specified drawback since it 

makes use of only one MA but, because of the 

presence of the two axially shifted stators, the gain 

regarding the stator active materials consumption is 

diminished. 

After stating the disadvantages of known EMRMs 

the next chapter presents the basic ideas of designing 

higher quality solutions. 

 

3. Superiority of the new solutions 

The constructive improvements will aim to the 

both SS-IR-EMRMs with incomplete and mainly 

with complete momentary use of the armature 

winding ampere-turns. 

With respect to the SS-IR-IMUAM-EMRM 

solutions it is proposed an improved variant of the 

technical solution from Figure 2b, d. The best set of 

constructive modifications is that which has the start 

point in Figure 2.d and consists in the following 

series of changes: 

1 – suppression of one of the air-gaps pairs (for 

example of the upper one) so blocking the 

ferromagnetic mobile armature (MA) except its lower 

end which is cut out to create a new MA; 

2 – transfer the armature coils on the lower 

horizontal portions (s-s in Figure 4.a) of the stator 

magnetic circuit (MC); 

3 – assurance of significant motion amplitudes 

using either armature (induced) coils of distributed 

type (Figure 4.b) or longitudinal (variable section) 

extensions on the stator MC (s-s zone)(Figure 4.c); 

4 – doubling of geometric configuration after the 

axis of the motion to avoid the magnetic “sticking” 

forces. 

The main advantage of this solution consists in the 

elimination of the ring-shaped polar pieces (compared 

with Figure 2.a,c) and in the shortening of the MA. 

These facts lead to the reduction of the MA’s mass 

and consequently to the increase of the possible 

accelerations and strokes. It is obvious that this 

solution in also applicable to the electromagnetic 

vibrators (small strokes, EMV) under construction 

variant of Figure 4.a. 

Regarding to the SS-IR-CMUAM-EMRM 

solutions from Figure 3 the author has a number of 

improving (patentable) ideas. 
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Fig. 4 – Improved technical solutions for  SS-IR-

IMUAM-EMRM: a) derived from Figure 2.d by 

described modifications; b) with distributed armature 

winding (AM); c) with longitudinal progressively 

saturated ferromagnetic “shunts” of the SMC 

 

Firstly it is proposed a corrective solution 

(presented in Figure 5.a) for the EMRM of Figure 3.a 

[2] (with two counter-time moving armatures), which 

suffers from two deficiencies correlated with: 

- the decrease of the gain for the complete use of 

the armature winding copper because of the larger 

inner section necessary for the placement of the two 

MA (each of them having a section equal to the 

section of the stator magnetic circuit); 

- a relative long MA whose length the greater the 

bigger the armature coil length (in order to reduce the 

volume of armature coils). 

Determining the profile of curved zones of the 

MA and stator polar pieces (in order to maximize the 

traction force) is the subject of the further patent 

application for invention. 

With reference to Figure 3.b more precise 

centering of the MA and an increase in specific force 

can be obtained by a cylindrical exterior shape of the 

MA (not parallelepiped one as it is settled in [9]) and 

by providing a suitable cross – section for it. Such a 

MA’s cross-section tangential evolution (slightly 

lower than of the stator iron) must allow a deep 

saturation by the excitation m.m.f. (slightly higher 

than the thermal admissible one for the armature 

winding) and thereby the maximized linearization of 

the variation (with MA’s position) of the mutual 

magnetic co-energy (and thereby of the electro-

magnetic force developed) – see Figure 5.b.  

 
Fig. 5 – Improved technical solutions for  SS-IR-

CMUAM-EMRM: a) with double counter-time moving 

MAs; b) modified “Shatas-Kudarauskas” type (detail) 

 

The electromagnetic vibrator in Figure 3.c [2, 11] 

can be turned into a proper EMRM by adapting the 

shape of terminal parts of stator magnetic circuit 

(SMC) to working together with the mobile armature 

having: 

a – a parallelepiped shape with plane polar 

surfaces (or curved) inclined (with respect to the 

direction of movement) with angles much lower than 

90 degrees as the stroke is required to be greater (see 

Figure 2.d, 4.a, 5.a); 

b – a cylindrical shape (tube) with the exterior 

surface parallel to the direction of motion and 

reduced cross section compared to the rest of the 

SMC (see Fig 1.c, 3.b, 3.d, 5.b). The only one 

deficiency remains halved momentary use of MA’s 

iron. 

Finally, on the EMRM in Figure 3.d can be 

considered two directions of constructive 

optimization, both aiming to the power increase 

(without to increase the global cross section or the 

stroke) and to the minimization of stator active 

materials (while the fully degree of use of the MA’s 

iron is persevered). The two research directions refer 

to the following EMRM variants: 

1 – with outer half – windings and inner MA; 

2 – with inner windings and outer ring-shape MA. 

An increase of the power (in the same cross-

sectional limits of the EMRM) can be achieved by a 

“multi-stack” constructive solution corresponding to 

the more elementary units (as in Figure 3.d) which 

are axially aligned in the direction of the motion. 

The windings length and thereby their copper 

volumes are reduced approximately to the half of 

their initial values (which are equal to the elementary 

motor number multiplied with the thickness of two 

adjacent stators) by the fusion of the elementary 

motors magnetic yokes in only four equivalent yokes, 

placed in the axial middle portion of the EMRM, and 
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which have only the half length by comparison with 

the whole length of the axially aligned salient poles. 

A further reduction of a stator copper 

consumption (and partially of the magnetic yokes) is 

made by the transfer of the four outer half-windings 

to only two inner windings which are cross-coiled 

(layer after layer belonging successively to the 

excitation and armature windings) on a central 

compact octagonal-section magnetic core (provided 

with four peripheral cross situated rows of salient 

poles (SP) (the two diametrically – opposite rows 

having the same axial position and the other ones 

being axially shifted with a polar pitch) each of them 

having a double extended length compared with the 

inner core length). A ring shaped outer row of MAs 

shunt-circuits (in one of the two extreme positions) 

the two diametrically-opposed stator SP rows and in 

the other extreme position the “multi-stack” MA 

connects the complementary pair of SP rows. 

Although the outer MA’s volume seems to be large, 

however the specific traction force remains constant 

especially for deep MA’s magnetic saturation state 

[2] (the electromagnetic force upon one MA being 

proportional with its cross-sectional area) under the 

real condition of the complete momentary use of its 

iron. Because of author’s intention to protect by 

patent these innovative ideas other written or drawn 

details can’t be given here. 

 

4. Conclusions 

Central idea of the work refers to the constructive 

and functional improvements of a class of special 

electrical machines (with particular kinematics), i.e. 

the linear motion electromagnetic reciprocating 

machines used as driving elements in the 

electromagnetic reciprocating drive systems. 

The majority of these improvements may be 

extrapolated to the rotating reciprocating 

electromagnetic motors and than to the classical 

progressive rotation electric motors 

The usefulness of this new research front proves 

as more obvious as concerns one of the most 

important indicators of quality of all the electric 

motors, namely the specific (mass) electromagnetic 

force (torque). 

The main contributions of the work consists in 

reporting of existing EMRM’s drawbacks and 

especially in a number of five new constructive- 

functional optimized technical solutions (in nine 

patentable embodiments) having a better utilization of 

active materials and of AC electric energy.  

The significance of the work, in the larger 

perspective of EMRMs belonging to drive systems, 

lies in providing actuators with reduced mechanical 

and electromagnetic time constants (by reducing the 

mobile armature mass and the armature winding 

inductance, the last one being an effect of some 

magnetic circuit portions’ deep saturation, due to the 

DC excitation). 

Future research must be connected with at least 

the following two directions: 

a) a multi-dimensional constrained non-linear 

optimization of the here selected and (of principle) 

optimized EMRMs; 

b) an improved execution technology of optimized 

EMRHs. 

New topics are imposed in connection with the 

further researches. Of these the most relevant are: 1) 

dimensional and parametrical variables; 2) most 

suitable criterion function; 3) most efficient algorithm 

for numerical optimization; 4) DC versus PM 

excitation; 5) multi criterion optimization of 

technological design.  
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ABSTRACT 
Recent developments and trends in the electric power consumption indicate an increasing 

use of renewable energy. Renewable energy technologies offer the promise of clean, 

abundant energy gathered from self-renewing resources such as the sun, wind, earth and 

plants. Virtually all regions of the world have renewable resources of one type or 

another. By this point of view studies on renewable energies focuses more and more 

attention. The present paper intends to present different mathematical models related to 

different types of renewable energy sources such as: solar energy and wind energy. It is 

also presented the validation and adaptation of such models to hybrid systems working in 

geographical and meteorological conditions specific to central part of Transylvania 

region. The conclusions based on validation of such models are also shown. 

Keywords: photovoltaic system modeling, wind energy system modeling, model validation 

 
1. Introduction 

The importance of hybrid systems has grown as 

they appeared to be the right solution for a clean and 

distributed energy production. It has to be mentioned 

that new implementations of hybrid systems require 

special attention on analysis and modelling. One issue 

is determined by the variable and unpredictable 

character of energy supply from renewable sources.  

A major importance for the theoretical study of 

hybrid systems, based on renewable energy 

(photovoltaic, wind, hydroelectric systems), is the 

availability of models, which can be used to study the 

behaviour of hybrid systems, and most important, 

software simulation environments.  

As available tools are quite limited, this chapter 

intends to present several models which can be used 

for the simulation purposes of hybrid power systems 

as well as in educational purposes. 

The modelling of renewable energy hybrid 

systems has to be made by knowing all types of 

renewable energy used in the model. For a good 

understanding of the system, equivalent models, 

based on large scale used components, should be 

considered. 

 

2. Modeling the solar photovoltaic system  

A photovoltaic PV generator consists of an 

assembly of solar cells, connections, protective parts, 

supports etc.  

Solar cells are made of semiconductor materials 

(usually silicon), which are specially treated to form 

an electric field, positive on one side (backside) and 

negative on the other (towards the sun). When solar 

energy (photons) hits the solar cell, electrons are 

knocked loose from the atoms in the semiconductor 

material, creating electron-hole pairs [1]. If electrical 

conductors are then attached to the positive and 

negative sides, forming an electrical circuit, the 

electrons are captured in the form of electric current 

(photocurrent). 

The model of the solar cell can be realized by an 

equivalent circuit that consists of a current source in 

parallel with a diode (Fig. 1) [2], [3]. 

In Fig. 1 RS, RP and C components can be 

neglected for the ideal model. 

 
Fig. 1 – Equivalent circuit diagram of a solar cell 

  

The p-n junction has a certain depletion layer 

capacitance, which is typically neglected for 

modelling solar cells. 
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At increased inverse voltage the depletion layer 

becomes wider so that the capacitance is reduced 

similar to stretching the electrodes of a plate 

capacitor. Thus solar cells represent variable 

capacitance whose magnitude depends on the present 

voltage. This effect is considered by the capacitor C 

located in parallel to the diode. 

Series resistance RS consists of the contact 

resistance of the cables as well as of the resistance of 

the semiconductor material itself. 

Parallel or shunt resistance RP includes the 

“leakage currents” at the photovoltaic cell edges at 

which the ideal shunt reaction of the p-n junction may 

be reduced. This is usually within the kΩ region and 

consequently has almost no effect on the current-

voltage characteristic [2]. 

The diode is the one which determines the 

current-voltage characteristic of the cell. The output 

of the current source is directly proportional to the 

light falling on the cell. The open circuit voltage 

increases logarithmically according to the Shockley 

equation which describes the interdependence of 

current and voltage in a solar cell [2], [4]. 
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where: - k - Boltzmann constant (1.3806 10
-23

 J/K); 

- T – reference temperature of solar cell; 

- q – elementary charge (1.6021 10
-19

 As); 

- U – solar cell voltage (V); 

- I0 – saturation current of the diode (A); 

- IPV – photovoltaic current (A). 

 

3. Modeling the wind energy system  

Modelling the wind energy converter is made 

considering the following assumptions  

- friction is neglected; 

- stationary wind flow; 

- constant, shear-free wind flow; 

- rotation-free flow; 

- incompressible flow (ρ=1.22 kg/m
3
); 

- free wind flow around the wind energy converter.  

On the above condition the maximum physical 

achievable wind energy conversion can be derived 

using a theoretical model that is independent of the 

technical construction of a wind energy converter. 

The flow air mass has certain energy. This 

energy is obtained from the air movement on the 

earth’s surface determined by the difference in speed 

and pressure. This is the main source of energy used 

by the wind turbines to obtain electric power. The 

kinetic energy W taken from the air mass flow m at 

speed v1 in front of the wind turbine’s pales and at the 

back of the pales at speed v2 is illustrated by equation 

(3). 
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The resulted theoretical medium power P is 

determined as the ratio between the kinetic energy 

and the unit of time and is expressed by equation (4), 
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where: - V- air mass volume; 

        - t - time; 

       - ρ - air density. 

Assuming the expression of the mean air speed 
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The equation for the mean theoretical power is 

determined using equation (5) (Fig. 2). 
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Fig. 2 – Flow through a wind energy converter 

 

We can conclude that an adequate choice of ratio 

12
/vv  leads to a maximum power value taken by the 

wind converter from the kinetic energy of the air 

masses, as shown by equation (7). 
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This power represents only a fraction of the 

incident air flow theoretical power given by: 
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Equations (7) and (8) lead to: 

pwind
CPvAvAP  59,0

2
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27

8 3

1

3

1max
           (9) 

where: CP represents the mechanical power 

coefficient which expresses that the wind kinetic 

energy cannot be totally converted in useful energy. 

This coefficient, meaning the maximum theoretical 

efficiency of wind power, was introduced by Betz [5]. 

The electrical power obtained under the 

assumptions of a wind generator’s electrical and 

mechanical part efficiency is given by: 

3

1
2

1
AvCP eel            (10) 
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where: Ce represents the total net efficiency 

coefficient at the transformer terminals [6]. 

The wind energy generator model was 

implemented by a module having configurable 

parameters based on equation (10) and using the 

equivalent model of a generator. This model takes the 

following form and is shown in Fig. 3. 

 

 
Fig. 3 – Equivalent circuit diagram of a small wind 

generator 

 

In the equivalent circuit diagram of a small wind 

generator the notations are: 

- Ra – rotor winding resistance;  

- Ex – generator separate excitation winding; current 

Ie through this winding generates the main field;  

- Ue – induced voltage in the rotor (armature);  

 - U – terminal voltage U = Ue – Ra Ia. 

 

4. Models verification and validation  

Generally, to a complex physical system, a 

mathematical model can be built and associated, 

model used in its study. But those mathematical 

models are frequently approximate models due to 

modelling uncertainties which establish the 

possibility of using them on a smaller or larger scale. 

It is recognized that nonlinear systems bring such 

issues.  

Thus, a verification and validation of developed 

models is required to identify their scope and 

precision. In the present paper the verification and 

validation of solar photovoltaic and wind power 

system were obtained by using a comparative analysis   

between real systems and mathematical models 

deducted. For this purpose, in Matlab/Simulink 

environment, were developed validation and 

verification models of solar photovoltaic and wind 

power system as shown in Fig. 4 and Fig. 5. 
 

 
Fig. 4 – Matlab-Simulink model used for PV 

mathematical model validation 

  

Fig. 5 – Matlab-Simulink model used for wind 

mathematical model validation 

 

The models validation was realized by comparing 

theoretical model system solutions with real system 

solutions. For this analyze specific characteristics for 

photovoltaic solar system and wind power systems 

were considered.    

In the case of photovoltaic solar system it can be 

noticed that the current-voltage theoretical 

characteristic (Fig. 6), the current-voltage 

experimental characteristic (Fig. 7) and the 

characteristic obtained with the Matlab/Simulink 

validation model (Fig. 8) have the same allure. 

In Fig. 6 is presented a typical current-voltage  I-

V characteristic for a solar photovoltaic module. If 

the module terminals are connected to a variable 

resistance R, the operating point is determined by the 

intersection of the I-V characteristic of the solar 

photovoltaic module with the load I-V characteristic.  

It should be pointed out that the power delivered to a 

load depends on the value of the resistance only. For 

a small load R, the solar photovoltaic module 

operation is in the MN region of the I-V 

characteristic, where the module behaves as a 

constant current source, almost equal to the short-

circuit current. For a large load R, the solar 

photovoltaic module operation is in the region PS of 

the I-V characteristic, where the module behaves as a 

constant voltage source, almost equal to the open-

circuit voltage. 

  

          
  

Fig. 6 – Current-voltage (I-V) theoretical 

characteristic for a PV solar module [7] 

 

In Fig.7 is presented the experimental current-

voltage I-V characteristic of a photovoltaic solar 

panel on different constant solar radiation at different 

loads. The experimental laboratory stand contains a 

photovoltaic solar panel of ET-M53620 type (4 x 9 
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photovoltaic solar cells). The photovoltaic solar panel 

is characterised by following parameters: 

- Peak power (Pmax) 20 W; 

- Maximum power point voltage (Vmpp) 17.82 V; 

- Maximum power point current (Impp) 1.15 A; 

- Open circuit voltage (Voc) 21.96 V; 

- Short circuit current (Isc) 1.27 A; 

The photovoltaic solar panel is equipped with 12V 

DC-230V AC inverter, a solar charge controller 

SOLSUM 5.6 and a 12 V accumulator. 

 

 
 

Fig. 7 – Experimental current-voltage 

characteristic of a photovoltaic solar panel on 

different constant solar radiation at different loads 
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Fig. 8 – Current-voltage characteristic of PV 

solar module obtained with the Matlab/Simulink 

validation model. 

 

In the case of wind power system it can be noticed 

that the wind speed – electrical power theoretical 

characteristic (Fig. 9) and the wind speed – electrical 

power characteristic obtained with the 

Matlab/Simulink validation model (Fig. 10) have 

almost the same allure. 

The analysed wind turbine type is Air Breeze by 

Southwest Windpower U.S.A., with rotor diameter 

1,17 m and PN=200W. 

 

 
 

Fig. 9 – Wind speed – power theoretical 

characteristic for a small wind turbine [8]. 
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Fig. 10 – Wind speed – power characteristic of a 

small wind turbine obtained with the 

Matlab/Simulink validation model. 

 

6. Conclusions 

The present paper intends to present and 

validate the mathematical models used in a renewable 

energy solar-wind hybrid system. Considering the 

importance of developing these models for study of 

renewable energy systems it is necessary to identify 

their scope and precision. In this paper was presented 

the set of renewable energy sources models from a 

solar-wind hybrid system but also the methodology of 

their verification. This implies experimental studies 

on laboratory equipments but also the developing of 

Matlab/Simulink applications for model testing.   

By analyzing the comparative results it can be 

seen that, on a large scale of model parameters, a 

similarity between real systems behavior and 

theoretical model behavior was found. 

The adaptation of models to specific 

environmental and climacteric conditions from 

Transylvania was also necessary in order to find an 

equivalence between real (experimental) models and 

theoretical ones. 

Some differences between real models 

characteristics and theoretical models characteristics 

can also be noticed, but those differences are 

predictable and caused especially by measure errors 

during experimentation and due to impossibility of 

conceiving a theoretical model by taking into 

consideration all conditions of a real model. 
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ABSTRACT 

The work approaches the most important category of DC polarized and AC biased 

electromagnetic reciprocating machines, which are employed as electromagnetic 

percussion devices (electromagnetic hammers, EMH). Two new advantageous 

electromagnetic hammer technical solutions are proposed, namely a radial ferromagnetic 

shunt DC excitation polarized plunger solenoid type electromagnetic hammer and an 

axial ferromagnetic shunt DCEPPS one. The two constructive and functional solutions’ 

particularities are disclosed. A particular comparison procedure is proposed and 

effectuated, distinguishing the „quasi-equality” of overall sizes for the two equal power 

compared EMH. The differences consisting in technological and analytical designing 

difficulties a future dimensional optimization and manufacture simplification are 

recommended. 

Keywords: electrical machines, electromagnetic reciprocating machines, electromagnetic hammers 

 
1. Introduction 

The thematic of the reciprocating (oscillating) 

electromagnetic machines (REM) was widely treated 

in monograph work [1]. A category of these REMs is 

that of the “electromagnetic percussion machines” 

(electromagnetic hammers, EMH) which was 

classified and compared in the paper [2]. In the same 

work [2] an important type of “simple action” (with 

pulsatory electromagnetic traction force acting on the 

mobile armature into a single direction only one side 

of the magnetic balance position (MBP)) EMH, 

namely the classical solenoid electromagnet, was 

studied and improved. A representative type of the 

“double action” (with alternating force which acts in 

both directions on mobile armature) EMH (or 

electromagnetic percussion tool, EMPT), concretely 

the “free-stroke” “end stop-less plunger type 

solenoid” (ESLPS) electromagnetic percussion tool, 

was studied in the work [3] in connection with the 

electrodynamic traction force correct estimation. An 

important competitor of the “double action” “free 

stroke” ESLPS electromagnetic hammer is the 

“polarized solenoid” type electromagnetic hammer. 

That is why the present work approaches this subject 

and applies the innovative constructive-operating 

solutions from the works [2][4] to the “direct current 

polarized solenoid” type EMH. 

The common drawback of an EMH is the mobile 

armature’s (MA’s) insufficient acceleration value. 

Indeed, for a given magnetic energy, longer stroke 

determines weaker electromagnetic force and bigger 

MA’s weight, consequently smaller ratio of force to 

MA’s mass (acceleration), and also lower possible 

mechanical frequency. 

To increase the “force/MA’s mass” ratio there are 

two technical solutions: 

 • the first one is to reduce MA’s section and 

stator coil wall’s radial leakage reluctance 

(electromagnetic force increase by ferromagnetic 

saturated shunts) – see previous work [4] related to 

the “free stroke end stop-less plunger type solenoid”; 

 • the second one is to utilize a DC excited 

saturation of the MA core beside the some parts of 

the stator magnetic circuit, thereby determining high 

levels of a mutual “DC-AC” magnetic energy 

variation (by MA’s motion) and therefore generating 

increased electromagnetic forces. 

This paper approaches the second foregoing 

technical solution. 

There are many “polarized electromagnets” but, 

by our knowledge, none of them bring together two 

essential properties of power economical REM 

embodiments:  

1) benefic constant level saturation of plunger 

core simultaneously with other parts of stator 
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magnetic circuit [5];  

2) mobile ferromagnetic plunger core type 

solenoid with DC excited REM [6,7] (not with 

expensive and a little reliable permanent magnets). 

Basic idea of this paper is to propose technical 

solution of REM (as EMH) which fulfil the foregoing 

constructive - functional conditions of general 

optimization. 

Concretely the contributions of the paper consist 

in: 

• extrapolation of the benefic leakage flux 

increasing principle (performed by means of radial 

ferromagnetic constant section saturated shunts 

(RFCSSS)) from improved free-stroke EMH (see 

work [4]) to “DC excited plunger type polarized 

solenoid” (DCEPPS) (stator “transversal” magnetic 

circuit parts’ saturation); 

 • extrapolation of the “stroke elongation” 

principle (performed by means of axial ferromagnetic 

variable section saturated shunts (AFVSSS)) from the 

“planar construction” linear oscillating REM [5] to 

the DCEPPS (stator “longitudinal” magnetic circuit 

portions’ saturation); 

 • comparison between the two newly proposed 

advanced technical solutions. 

 

2. Radial shunt DC Excited Plunger type 

Polarized Solenoid EMH 

Adopting a tandem arrangement of two, “back to 

back” mounted, “simple action” improved (with 

distributed working winding, having series connected 

elementary coils, which are placed in annular 

shaped slots among radial saturated teeth, and also 

with DC excited saturation annular coil winding (see 

Figure 4.d from the work [2] and its final part relating 

to the DC excitation)) electromagnetic hammers, a 

new and perfected DCEPPS type EMH is obtained, 

which is characterized by the presence of RFCSSS 

(see Figure 1). By reasons connected with the linear 

and faster variation of mutual “DC-AC” magnetic (in 

saturated state) co-energy in function of mobile 

armature displacement the end sides of MA have 

bigger diameter and form two ring-shape salient 

poles. At the same constructive and functional 

principle (Figure 1) one can arrive also from a tandem 

(back to back) arrangement of two inversed 

construction “electromagnetic vibrators” (with outer 

fixed distributed (among saturated annular teeth) AC 

winding and with inner mobile, salient pole type, part 

of the saturated magnetic circuit). 

The tubular shape of the mobile armature (MA) 

allows the mounting of an inner, longer, more reliable 

recuperative spring, and also of a hard steel 

percussive piece (6, 7 guide marks in Figure 1). The 

same tubular plunger’s shape allows a reduction of 

outer to inner diameter ratio, thereby making possible 

the use of “uniform small thickness involute profile 

laminations” technology for solid plungers 

construction [7].  

 
Fig. 1 – Radial shunts DC Excited Plunger type 

Polarized Solenoid EM Hammer 

 

The stator working winding’s slot pitch (or 

ferromagnetic “tooth” pitch) must be as short as it is 

possible (technologically) to avoid the traction force 

pulsation effect.  

The central DC excitation annular coil (4 in 

Figure 1) must be sized so that its total current to 

assure partial magnetic saturation of the plunger core 

tubular part and of the radial ferromagnetic shunts 

(1a, 1b) which exist at the moment face to face to the 

plunger polar pieces (5a, 5b).  

Keeping out the “radial involute laminations” 

plunger complexity the stator working “distributed” 

winding processing adds some inherent constructive 

complications of which higher cost will be 

compensated by technical operating advantages as 

constant force generating (of which upper limit is 

imposed only by thermal constraints). 

 Radial ferromagnetic (RFSH) shunt DCEPPS 

type EMH’s operating principle stands out by the 

addition of the left and right “electrodynamic forces”, 

which act upon the two different magnetic polarity 

plunger’s polar pieces (5a, 5b), proceeding from the 

two local “electrically opposite ampere-turns” of the 

stator distributed half-windings (3a, 3b) (which are 

suitable connected). 

 

3. Axial shunt DC Excited Plunger type 

Polarized Solenoid EMH 

The extension of the EMH’s stroke is possible by 

endowing the “two-sided” frontal magnetic shields of 

each concentrated AC working coil (“opposite 

current” working half-windings (3a, 3b in Figure 2)) 

with a variable section, progressively saturated, axial 

ferromagnetic tubular shunts, AFSH (1a, 1a’ for left 

working coil, 3a, and 1 b, 1b’ for right working coil, 

3b). 

An optimized operation of the “axial shunt 

DCEPPS type EMH” requires (at such imposed 

exciting and working ampere-turns values, θE > θW , 

that will assure the saturation of plunger core and of 

axial shunts) the constancy of the self-inductances 

(LEE = ct, LWW = ct) at low dynamic saturated values, 

and the linear variability (with the mobile armature’s 

position) of the mutual DC ->AC inductance (the 

mutual “AC->DC” inductance can be neglected 

because of profound saturation (and of coil’s 

arrangement)). These conditions will necessitate a 

suitable variation of axial ferromagnetic tubular 
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shunt’s radial thickness, increasing from the coil’s 

middle position to the each frontal non-saturated 

(visible in Figure 2 as bigger constant section radial 

ferromagnetic bilateral shells of each working coil) 

magnetic coil’s end shields. Determination of this 

variation law is quite difficult and will make the 

object of another work. In Figure 2 we consider a 

linear variation. Thus, the generated electromagnetic 

force will be constant (independently of mobile 

armature’s position) and of maximized value (limited 

only of thermal aspects). From this point of view a 

perfect similarity exists between the radial and the 

axial “ferromagnetic shunt” type DCEPPS 

electromagnetic hammers. 

 
Fig. 2 – Axial shunts DC Excited Plunger type Polarized 

Solenoid EM Hammer 

 

Electric control of AFSH-DCEPPS-EMH is 

effectuated by supplying the two working “opposite 

current” half-windings (3a, 3b) with rectangular 

alternating “voltage” (or “current”) imposed 

waveforms, which has unequal durations of the 

“halfperiods” owing the commutation from the 

extreme positions of the plunger. 

DC excited polarization coil (4, Figure 2), by 

mean of its “ampere-turns, θE > θWmax”, assures a 

constant magnetic saturation of the inner tubular part 

of the plunger and a suitable progressive saturation of 

the axial, variable section, ferromagnetic shunts, 

thereby determining the required variations of the 

sum (quasi-constant value) and of the difference 

(linear function of the MA’s displacement) of the two 

working variable permeances existing between any 

plunger’s ring salient pole (5a, 5b) and the two AFSH 

corresponding to the appropriate working coil (3a, 

3b). 

Generally speaking the AFSH - DCEPPS - 

EMH’s operating principle is similar to the RFSH’s 

one, the same general conditions being created to 

allow the action of the “generalized magnetic forces 

theorem”. Differences consist in the form of the 

bilateral working half-windings either distributed 

(with many RFSHs) or concentrated (with only two 

AFSHs for each working coil) – see Figure 1 and 2.  

 

4. Comparison between RFSH and AFSH 

polarized EMH 

We will seek what differences exist between the 

two proposed polarized EMH, which have the same 

configuration, except the two-sided working half - 

windings shape. 

If one uses a particular procedure of comparison 

consisting in:  

• adoption of a group of the common part’s sizes 

which are reasonable correlated with the chosen inner 

plunger radius and with the adopted stroke length; 

 • estimation of the distributed working coil’s 

overall dimensions; 

 • verification of the interchangeability with a 

concentrated working winding which is placed into 

the same volume; one can establish a great similitude 

between the two compared technical solutions. 

In these conditions, indeed, because of the better 

allocated space’s copper filling factor and of the 

possibly equals (lRFSH ≈ lAFSH) radial and axial shunt’s 

designed length (for order of the stroke of 2…6 cm 

the necessary AFSH length will be of the same order 

divided by two, values which (not being exaggerated) 

can be also adopted for the RFSH’s lengths), the two 

factors of the traction force (working coil’s maximum 

total current value and DC->AC mutual flux’ 

maximum value) will result in significantly equal 

values. This fact determines “quasi-equal” values of 

the “electrodynamic” (RFSH variant) or 

“electromagnetic” (AFSH variant) force of DCEPPS 

– EMH, which are calculated by “generalized forces 

theorem” 

 
and finally which are expressed by the two foregoing 

factors (ΦWEmax.sat, θWmax ). 

Two important things to be noted about this 

common result: 

 1) it is identical with the “electrodynamical 

force’s expression” of two tandem simple action 

improved EMH (see Figure 4.d [2]); 

 2) it is useable in the final form also for the 

AFSH-DCEPPS-EMH in the foregoing formulated 

hypotheses (see chapter 3) when the total magnetic 

co-energy becomes the mutual co-energy and its 

derivative can be expressed by finite differences. 

The selection criteria of the one or another 

constructive variant will be imposed by the 

technological difficulties of the distributed windings 

or by the analytical complexity of the AFSH’s profile 

determination. 

 

5. Conclusions 

After studying the rest of EMH categories [2,3,4] 

the present paper approaches a most important (but 

also complicated) direct current polarized 

magnetically biased electromagnetic reciprocating 

machines working as percussion devices (hammers). 

Two basic constructive principles with the same 

operating principle were disclosed and critically 

compared. They have at the same powers (also the 

same alternating forces, strokes and frequencies, 

impact speeds) approximately the same overall sizes. 

Significant differences consist only in technological 

or analytical designing difficulties regarding RFSH 
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distributed AC working coils “electrodynamic” 

variant or AFSH concentrated AC working coils 

“electromagnetic” one, respectively. 

Continuation of this domain research is in 

connection with dimensional and control 

optimization, which can be followed by the issue of 

patents. 

Clearing up the benefic role of a certain magnetic 

circuit part’s saturation, and of its optimal degree, one 

can reach improvements of the conventional electric 

machines. 
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ABSTRACT 

Hybrid systems appeared as the right solution for a clean and distributed energy 

production. The problem of variable and unpredictable supply from renewable sources 

can be solved thank to the development of good energy storage systems: an intermediate 

stage between energy production and its consumption. Starting from the end, from the 

electricity supply, we would find either a public grid connection (distributed generation) 

or a local voltage bus driving an isolated area (remote sites) representing the own 

consumption of the different components in this installations. Then we should have a link 

between those different components and the public grid. Any generator or load connected 

to a local network may affect the quality of the waveform. Alterations to the voltage or 

frequency, or variations which affect the “shape” of the sine wave, such as harmonics 

and flicker, are all important. Power factor and fault current contribution are also 

relevant considerations. 

Keywords: power quality, power factor, total harmonic distortion, power flow analysis, harmonic analysis, 

renewable energy system, nonlinear load 

 
1. Introduction 

During the past few years, interest in renewable 

energy has increased because of technological 

advances in distributed generation technologies, 

electricity costs became more competitive with the 

utility industry’s, the expansion of competition within 

the electric utility industry, and an increased need for 

reliable and high-quality power. Nowadays there are 

many places in the world where an important 

renewable energy source exists although it cannot be 

used properly because of lack of infrastructure; the 

main problem is that energy cannot be taken from the 

production point straight to the consumption one. The 

main objective to solve this problem is to develop 

hybrid systems, which allow employing renewable 

and variable in time energy sources while providing a 

continuous supply in decentralized grids and isolated 

areas. 

With the introduction of renewable energy sources 

and of the legislative regulations for encouraging 

their using, the distribution systems become an active 

system with both energy generation and consumption. 

This introduces some major problems concerning 

power quality. As this type of sources imply the 

intensive using of electronic power devices one 

relevant issue is the appearance of power quality 

distortion phenomena. These problems are often 

difficult to solve and may allow different solutions, 

solutions that require higher investments, so the 

choice is not always simple for engineers, 

professionals and managers. 

This paper presents an application that constitutes 

a useful tool for emphasize and understand the most 

relevant phenomena concerning renewable energy 

systems power quality. 

 

2. Power quality and indices  

Power quality has become a real problem over the 

last years due to the use of power electronics but also 

due to sensitive load devices. Inverter-connected 

generators, commonly used in case of renewable 

energy, may inject non-sinusoidal currents into the 

distribution network and cause additional power 

quality distortion phenomena. 
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Power quality distortion phenomena can be 

subdivided into: 

 harmonic distortion – standards such as 

IEEE 519-1992 impose limits for different 

order harmonics and the total harmonic 

distortion (THD). The limits for system 

voltage distortion are 5% for THD and 3% 

for any individual harmonics [2]; 

 transients – IEC Publication 60071-1 defines 

transient overvoltage as a short-duration 

overvoltage of a few milliseconds or less, 

oscillatory or non-oscillatory, usually highly 

damped [3]; 

 voltage dips – a voltage dip, according to 

IEC, is a sudden reduction of the voltage at a 

particular point of an electricity supply 

system below a specified dip threshold ( 

within a time period no shorter than 10 ms) 

followed by its recovery after a brief 

interval. ; 

 voltage swells - temporary increase in RMS 

value of AC voltage with the magnitude of 

the retained voltage between 110% and 

180% of the rated voltage; 

 flicker – impression of unsteadiness of visual 

sensation induced by a light stimulus whose 

luminance or spectral distribution fluctuates 

with time [1]; 

 voltage asymmetry (unbalance) – the loads 

cause non equal phase currents to flow in the 

power system and unsymmetrical voltage 

drop on the system components. As a 

consequence, voltage balance in the node is 

lost; 

 frequency variations – represents a change in 

frequency from the normally stable utility 

frequency. This may be caused by erratic 

operation of emergency generators or 

unstable frequency power sources. 

Power quality system analysis requires an 

accurate knowledge of the spectral components of 

nonstationary current and voltage waveforms. One of 

the main applications of spectral components in the 

field of power quality refers to the waveform 

distortion indices. Several indices are in common use 

for the characterization of waveform distortions and 

they generally refer to periodic signals, which allow a 

definition of harmonic components. Those indices 

are: 

 total harmonic distortion (THD) – general 

purpose, standards; 

 power factor (PF) – potentially in revenue 

metering ; 

 telephone influence factor – audio circuit 

interference; 

 C message index – communications 

interference; 

 IT product - audio circuit interference, shunt 

capacitor stress; 

 VT product – voltage distortion index; 

 K factor – transformer derating; 

 crest factor – dielectric stress; 

 unbalance factor – three phase circuit 

balance; 

 flicker factor - incandescent lamp operation; 

bus voltage regulation; sufficiency of short 

circuit capacity. 

 

3. Matlab-Simulink model development for 

parameter quality analysis 

The proposed hybrid solar-hydro-wind system for 

power generation is used as an instructional resource 

for teaching renewable energy and power quality 

concepts. Each technology has its own individual 

instrumentation requirements to measure and control 

system variables. Although the wind-solar power 

system based on renewable energy have helped in 

teaching real-world applications of the renewable 

energy, the lack of computer aided instrumentation 

forced us to develop and simulate in Matlab Simulink 

environment such tools and to implement new blocks 

[2]. 

The analyzed system is based on specific 

mathematical models of the components: photovoltaic 

hydroelectric and wind system as shown in Fig. 1 [2], 

[3], [4], [5], [6]. 

 

 
 

Fig. 1 – Simulation model of a hybrid renewable energy 

system 

 

The simulation model allows studies such as: 

 renewable energy sources electrical 

parameters (powers, voltages, currents, etc.); 

 renewable energy sources constructive 

parameters (blades length and number of 

wind turbine, PV panels number and 

dimensions, number of hydroelectric turbines, 

batteries number, etc.); 

 voltage and frequency control (control 

algorithms); 

 electrical energy conversion (type of DC/AC 

conversion methods); 

 consumer modeling and control; 

 power quality distortion phenomena and 

analysis; 

 renewable energy availability. 
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4. Simulation results of the hybrid renewable 

energy system 

Based on hybrid solar-hydro-wind renewable 

energy system model presented above some examples 

of simulation results are presented below. 

Fig. 2 illustrates the voltage waveform measured 

at the AC bus bar. It can be seen a voltage waveform 

distortion caused by electronic devices – inverters - 

used for energy conversion in DC/AC module. 

The simulation results were obtained with the 

model of a hybrid solar-hydro-wind system with 

installed photovoltaic source power of 1kW, wind 

power of 1kW and a hydroelectric turbine of 1kW. It 

has to be mentioned that the output voltage of hybrid 

power system generators is 12V and the consumer 

uses 60% of the available power the rest being used 

for battery charging. 

 

 
 

Fig. 2 – Voltage waveform at the AC three-phase bus 

bar 

 

By harmonic analysis of the results shown in Fig. 

3a, 3b and 3c, it can be also notified the presence of 

harmonics caused by consumer but also by the power 

electronics from electric energy conversion modules. 

If necessary, on AC side, the power quality can be 

raised up by using active power filtering devices. 

The developed simulation model allows not only 

the waveforms analysis but also the power flow 

analysis. In Figure 4 is shown the active and reactive 

power flow transiting the consumer power network. 

 

 
 

Fig. 3a – Harmonic analysis of the voltage waveform 

corresponding to phase A 

 
 

Fig. 3b – Harmonic analysis of the voltage waveform 

corresponding to phase B 

 

 
 

Fig. 3c – Harmonic analysis of the voltage waveform 

corresponding to phase C 

 

 
Fig. 4 – Power flow transiting the power supply network 

of the consumer 

 

To emphasize the utility of simulation application 

a study considering the waveform and power flow 

from the bus bar when nonlinear load is present was 

realized (Fig. 5 and Fig 6.). It can be noticed the 

possibility of a detailed analysis for a renewable 

energy system for any type of consumer based on 

data provided by application. Considering the 

expansion of renewable energy systems, the system 

can be used in the preliminary phases of a project for 

a new network, providing valuable information 

regarding the measures to be taken into account for 

various consumers from the linear ones to consumers 

using power electronics. 

By harmonic analysis of the results shown in Fig. 

7a, 7b and 7c, it can be also notified the presence of 

harmonics caused by a nonlinear consumer but also 
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Fig. 5 – Voltage waveform at the AC three-phase bus 

bar nonlinear load is present 

 

 
 

Fig. 6 – Power flow transiting the power supply network 

of the consumer when nonlinear load is present 

 

by the power electronics from electric energy 

conversion modules. 

 

5. Conclusions 

Depending on the methods or technologies, 

rational use of energy can have a positive or a 

negative impact on power quality. 

The cause of power quality problems is mainly the 

improper use of local loads and electrical devices. 

But, even if efficient loads are connected to a grid by 

a power electronics interface, the power quality might 

deteriorate. There are also devices with malfunction 

when the power quality becomes too poor. 

Connecting the hybrid solar-wind generation system 

to a local AC distribution network implies the solving 

of some difficult issues concerning: 

 network overloads in normal and short-circuit 

regime; 

 influence on power quality; 

 voltage profile changing and reactive power 

flow control; 

 contribution of renewable sources to power 

system services; 

 influence on power system stability; 

 
 

Fig. 7a – Harmonic analysis of the voltage waveform 

corresponding to phase A when nonlinear load is 

present 

 

 
 

Fig. 7b – Harmonic analysis of the voltage waveform 

corresponding to phase B when nonlinear load is 

present 

 

 
 

Fig. 7c – Harmonic analysis of the voltage waveform 

corresponding to phase C when nonlinear load is 

present 

 

 renewable sources adaptability to normal 

disturbances of power system; 

 influence on power system protections; 

 insulation issues and insulation coordination 

 power system reliability and availability. 
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ABSTRACT 

As nonlinear loads become more and more prevalent their effect on the power system 

becomes increasingly pronounced, the nonlinear equipment generating the very 

harmonics they are sensitive to. The paper is addressing the power quality aspects 

regarding the use of electronic equipments in the electrical office building networks. The 

most prevalent equipments in this system are the personal computers. Other loads, such 

as printers and copiers, are greatly outnumbered. The three phase loads, such as motor 

drives, are typically limited in number in the commercial buildings. 

Keywords: harmonics, nonlinear loads, office buildings, power quality, voltage sag 

 

1. Introduction 

Nonlinear loads, which are normally powered by 

AC-DC switching power supplies, are typical in a 

wide range of electronic devices, such as personal or 

notebook computers, laser printers, fax machines, 

telephone systems, radios, televisions, adjustable 

speed drives and variable frequency drives, battery 

chargers, UPS [1]. Fluorescent lamps ballasts also 

represent nonlinear loads, but their harmonic 

contribution is lower and closely limited by the 

manufacturers‟ agreements. [2] 

The switch mode power supplied equipment 

typically forms a large portion of the electrical 

nonlinear load in most electrical distribution systems. 

There are two types: single-phase and three-phase. 

The single-phase nonlinear loads are more prevalent 

in modern office buildings while the three-phase 

nonlinear loads are widespread in factories and 

industrial plants [3]. 

 

2. Switch mode power supply 

The first generations of power supplies were 

linear. They had four major sections- fig. 1. The first 

section is the transformer, which will step down the 

supply voltage to a lower voltage for the computer 

logic. Typical transformers reduce the 110 or 230 V AC 

supply voltage to 24 V AC. The reduced voltage is 

sent to rectifiers (diodes) in the second section, to 

convert AC to DC voltage. The DC voltage still has 

an AC ripple. The rectified voltage is filtered by the 

third section to make it usable by the logic. The final 

filtering of the DC voltage is done by the capacitor. 

The capacitor smoothes the rectified utility voltage to 

logic grade DC voltage. Logic will not operate 

correctly without a stable regulated DC supply 

voltage. The fourth section of the power supply is the 

voltage regulator. It is a device that compensates for 

varying supply voltages from the utility. The high DC 

output from the rectifiers is reduced to a comfortable 

level for use by the logic. If unregulated DC voltage 

were given to the computer‟s logic, it would fail.  
 

 
Fig. 1 - Linear power supply from a 110 V AC 

distribution network [4] 

 

The term linear refers to the power supply 

response during input voltage changes. When the 

input voltage changes, the DC output of the rectifiers 

will increase or decrease the same percentage as the 

supply voltage. The linear power supply produced 

heat and was slow responding to voltage changes. 

The transformer and voltage regulator both generate 
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heat that could damage the computer‟s logic if the 

room was not kept cold.  

Advances in voltage regulators and power 

switching devices made major improvements in the 

late 1970‟s and revolutionized the power supply field. 

The new switch mode power supplies operate without 

a transformer by opening a switch and letting pulses 

of electrical current enter the power supply. [4]  

A new switch mode power supply can be a fairly 

complicated circuit - fig. 2. The AC supply is first 

rectified and then filtered by the input reservoir 

capacitor to produce a rough DC input supply. This 

level can fluctuate widely due to variations in the 

mains. In addition the capacitance on the input has to 

be fairly large to hold up the supply in case of a severe 

drop in the mains. The unregulated DC is fed directly 

to the central block of the supply, the high frequency 

power switching section. Fast switching power 

semiconductor devices such as MOSFETs and Bipolars 

are driven on and off and switch the input voltage 

across the primary of the power transformer. The drive 

pulses are normally fixed frequency (20 to 200 kHz) 

and variable duty cycle. Hence, a voltage pulse train of 

suitable magnitude and duty ratio appears on the 

transformer secondary. The voltage pulse train is 

appropriately rectified, and then smoothed by the 

output filter, which is either a capacitor or 

capacitor/inductor arrangement, depending upon the 

topology used. The power transfer has to be carried out 

with the lowest losses possible, to maintain efficiency. 

Regulation of the output to provide a stabilized DC 

supply is carried out by the control/feedback block. 

Generally, most switch mode power supplies systems 

operate on a fixed frequency pulse width modulation 

basis, where the duration of the on time of the drive to 

the power switch is varied on a cycle by cycle basis. 

This compensates for changes in the input supply and 

output load. The output voltage is compared to an 

accurate reference supply, and the error voltage 

produced by the comparator is used by dedicated 

control logic to terminate the drive pulse to the main 

power switch/switches at the correct instance. 

Correctly designed, this will provide a very stable DC 

output supply. It is essential that delays in the control 

loop are kept to a minimum, otherwise stability 

problems would occur. Hence, very high speed 

components must be selected for the loop. In 

transformer-coupled supplies, in order to keep the 

isolation barrier intact, some type of electronic 

isolation is required in the feedback. This is usually 

achieved by using a small pulse transformer or an 

optic-isolator, hence adding to the component count. In 

most applications, the switch mode power supply 

topology contains a power transformer. It provides 

isolation, voltage scaling through the turns ratio, and 

the ability to provide multiple outputs. However, there 

are non-isolated topologies (without transformers) such 

as the buck and the boost converters, where the power 

processing is achieved by inductive energy transfer 

alone. All of the more complex arrangements are based 

on these non-isolated types. [5] 

The switch will turn on several thousand times 

each second, which greatly improved the ability to 

respond to changing input voltages. The power supply 

switch now has many chances to correct the output 

voltage each cycle. The linear power supply could 

only react 50 times each second, or once each cycle. 

The switch-on time is very short relative to the length 

of the cycle. [4] 

 

Fig. 2 - Basic switched mode power supply block 

diagram [5] 

 

3. Power quality 

Many high-tech electricity-dependent devices and 

equipments used in commercial and industrial 

facilities are sensitive to many types of power quality 

disturbances. As well, the increasing use of power 

electronics devices contributes further to the arising 

power quality problems. Network disturbances and 

power quality are issues of increasing importance, as 

the share of sensitive electronic circuits is increasing 

steadily in modern power systems.  

 

3.1. Standard disturbance network curve 

The network disturbances are being evaluated 

based on the three Standard disturbance network 

curves: CBEMA, ITIC (1995) and SEMI F47, as 

presented in fig. 3.  
 

 
Fig. 3 - Power acceptability curves - trends in 

recommended power acceptability [6] 
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The curves define the tolerance level of 

“automatic data processing” equipment to voltage 

sags, swells and short interruptions. The encircled 

area, initially identified at the CBEMA curve as a 

“problematic” (sags between cycle and 10–100 cycles), 

in two successive curves, still remains as the region of 

the “most interest.” Here, all three curves overlap. [6] 

 

3.2. The influence of the network disturbances 

on the operation of equipment 

Network disturbances can be classified into 

transient events such as voltage sags, swells and 

spikes, and longer duration events, such as mains 

failures, harmonic voltage distortion and steady-state 

over-voltages and under-voltages. From the several 

types of power quality disturbances, the most frequent 

and concern for electric utilities from customer point 

of view is the voltage sag. 

Voltage sags are usually associated with system 

faults but can also be caused by the energizing actions 

of heavy loads or starting of large motors. A sag may 

stop a computer from receiving the power it needs to 

function, and cause frozen keyboards and unexpected 

system crashes both of which result in lost or 

corrupted data. Sags also reduce the efficiency and 

life span of electrical equipment, particularly motors. 

The paper [6] presents the results of the 

investigation of the behaviour of personal computers 

during the voltage sags and short interruptions. 

Beside the standard restart/reboot (hardware) 

malfunction criterion, two additional software criteria 

(lockup of read/write operation and blockage of 

operating system) were introduced. It was found that 

they may result in a substantially higher sensitivity to 

voltage sag characteristics than the hardware 

criterion. The following specific conclusions from the 

tests performed were drawn: 

- A wide range for both voltage sag magnitude and 

duration thresholds were identified for tested computers. 

- No correlation between the age/price/operating 

system installed and the sensitivity to voltage sags has 

been found/established for tested computers. 

- When the computer is designed to operate 

connected to either 230 V/50 Hz or 110 V/60 Hz 

power supply, somewhat higher sensitivity is to be 

expected in the second case.  

- All tested computers satisfy the ITIC standard 

voltage tolerance curve.  

- When two computers are connected in parallel 

and supplied from the same power point, they do not 

influence each other‟s sensitivity to voltage sags and 

short interruptions. 

- For some computers, three different voltage-

tolerance curves were obtained for lockup of 

read/write operations, blockage of the operating 

system, and restart/reboot malfunction criteria. The 

shortest duration threshold was determined for lockup 

of read/write operations, and the lowest voltage 

magnitude threshold for restart/reboot malfunction 

criteria - fig 4. [6] 

 
Fig. 4 - Test results for one computer [6] 

 

3.3. The power quality problems generated by 

the use of nonlinear equipment 

Switch mode power supply solved many of the 

problems that computers suffered with linear power 

supplies. However, there are problems with electrical 

systems and power conditioners associated with 

switching power supplies. The nonlinear power 

supplies draw current in high amplitude short pulses. 

These current pulses create significant distortion in 

the electrical current and voltage wave-shapes. The 

distortion travels back into the power source and can 

affect other equipment connected to the same source. 

The number of “on” periods is known as the pulse 

repetition rate, and the time the switch is on is the 

pulse width. The repetition rate is normally at some 

multiple of the line frequency. This allows an even 

number of pulses each cycle. The term harmonic 

refers to the specific multiple of the line frequency 

that the current is drawn from the source. [3, 4] 

The television set has been a source of harmonic 

currents. It is supplied by a rectifier and a smoothing 

capacitor. Since modern television sets use full-wave 

rectification the supply current is rich in odd-order 

harmonic electrical currents. The harmonic electrical 

currents from different television sets reinforce one 

another. At the peak viewing periods the harmonics 

reach high values and can have important 

consequences on the neutral conductor and the 

distribution transformer. [7] 

The study on harmonic currents generated by 

personal computers concludes with: 

- The input currents of personal computers are 

accounted for the input current of the monitor and the 

input current of the computer, which have similar 

waveforms. In addition, there is not enough diversity 

in the phase angles of the harmonic currents of the 

monitor and the computer to indicate harmonic 

current cancellations. Therefore, the monitor 

contributes evenly to the harmonic currents of the 

personal computer and should be considered an 

integral part of the personal computer. 

- The phase angles of the harmonic currents of the 

input currents of different personal computers do not 

vary enough to cause significant harmonic current 

cancellations. The third, the fifth and the seventh order 
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harmonics in different types of personal computers 

strongly reinforce one another. Therefore, the 

magnitudes of harmonic currents in a computer centre 

or an office building increase proportionately with the 

number of personal computers. 

In an office building or a computer centre, where 

personal computers exist in large numbers, the third 

harmonic current can possibly overheat the neutral 

wire and may cause fires. To prevent potential 

hazards, overcorrect relays can be installed on the 

neutral conductor, the neutral conductor can be sized 

to twice the size of the phase current, or a second 

conductor can be installed in parallel to share the 

neutral current. 

The harmonic currents generated by personal 

computers create additional losses in the distribution 

transformer. The increased losses are eddy current 

losses that are proportional to the squares of the 

frequencies of the harmonic currents. These losses 

increase the operating temperature of the transformer 

and require derailing of the transformer to a fraction 

of its capacity. 

Although transformers in general are considered 

sources of harmonic distortion, they can act as filters 

to nonlinear loads. The phase angles of the 

magnetization current harmonics oppose the phase 

angles of the load current harmonics and will lead to 

harmonic cancellations. During light loads a 

transformer supplying a non-sinusoidal load will have 

a primary current that is lower in harmonic content 

than the load current. 

Out of the four possible three-phase transformer 

connections, the triangle–star connection prevents the 

harmonic currents from propagating into the primary 

side of the transformer and hence limits the effects of 

the harmonic currents on the distribution system. [7] 

A case study of harmonics electrical currents 

generated from a computer centre is presented in [8]. 

Three site measurements were taken at an office 

building with a large number of computers connected. 

The phenomenon of harmonics generated by 

nonlinear loads of lighting, socket outlets and tee-off 

point were also investigated.  

 

 
Fig. 5 - Results of site measurement 

(January to February 2006) [8] 

 

The data obtained from the survey - fig. 5 - indicates 

that it is a problem commonly found in many similar 

office buildings in Hong Kong. The office building 

was built in the 1990‟s and it was well planned to 

eliminate harmonics at the design stage, but it did not 

work satisfactorily. The main reason is the improper 

position of converters and filters. Although there are 

many variations of power quality problems, the most 

significant power quality issues are voltage unbalance 

and harmonic current.  

Fig. 6 (from [1]) shows an interesting representation 

of the wiring system of a typical commercial office 

building, along with its voltage and current profiles 

under mixed linear and nonlinear loads. Voltage is 

more distorted at points closer to the load and farther 

away from the grid power source. The voltage 

distortion is in direct function of both the current 

harmonic component magnitudes and the impedance 

of the system (cables and transformers). The 

mentioned values are based on engineering 

experience, as measured values from hundreds of site 

investigations over tens of years. 

 

 
Fig. 6 - Measured THDI of a Residential and 

Commercial Aggregate Load [1] 

 

The study [9] presents the simulation of large 

numbers of nonlinear loads in distribution systems. 

To illustrate the methodology followed to simulate 

the impact on the power quality of large numbers of 

nonlinear loads in distribution systems, a low voltage 

distribution system containing 36 PCC‟s, connected 

by a 4-wire cables, each supplying a „house‟, is used. 

It is generated using the statistical methods. Each 

house consists of maximum 15 single-phase loads of 

different types, active at the instant, yielding a 

distribution system containing about 300-400 loads. 

After the generation of the models, several 

simulations are made as an illustration: 

1. A reference simulation, in which the generated 

load population is used. In this way, a maximal load 

spreading is obtained. 

2. A „worst case lighting‟ simulation, in which all 

incandescence lamps are replaced by an equivalent 

compact fluorescent lamps. As this replacement 

yields an average power consumption reduction by a 

factor of about five, it causes a direct saving in energy 

costs at the expense of higher harmonics. 

3. A „best case power supply‟ simulation in which 

the significant pollution by switched mode power 

supplies is ignored as if all of these were replaced by 

a high-quality power factor corrected supply. An 
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average THD for the current at the supply transformer 

of 19% is obtained in the reference simulation. The 

triple harmonics and the unbalance load cause a 

current in the neutral conductor. When the 

incandescent lamps are replaced by compact 

fluorescent lamps, having an individual THD of 

170% to 190%, the total power consumed drops with 

12%, but the average THD raises to 33%. When the 

switch mode power supply loads are assumed to be 

ideal, the average THD drops to 17%. However in the 

third phase, the THD rose, by the disappearance of a 

cancellation effect. The voltage distortions remained 

limited to a few percent. [9]  

The results obtained from an experimental 

investigation conducted on cellular phone battery 

chargers [10] show how the great penetration of the 

investigated electronic equipment can determine a 

significant impact on voltage harmonic distortion.  

The study [11] brings into light the effect of the 

fast increasing penetration of cellular phones, which 

is a phenomenon experienced worldwide during the 

last years. The cellular phones require battery 

chargers that are typically equipped with single-phase 

switching mode power suppliers. They can provide an 

even significant impact on distribution grid voltage 

quality although their individual demand is very low.  

 

3.4. Harmonic effects on devices and electrical 

loads 

Insulation stress (voltage effect) depends on the 

instantaneous voltages, as well as its firing rate. 

Thermal stress (current effect) depends on the 

presence of harmonic currents. Harmonic currents can 

cause copper losses, iron losses and dielectric losses 

in the equipment. 

Load rupture (abnormal operation) - several 

electronic devices are subject to this contingency 

because their normal operation depends on the 

existence of a purely sinusoidal voltage source. 

Fractional and sub-harmonics can affect video 

displays or televisions. Fractional harmonics are 

frequencies that are not integer multiples of the 

fundamental frequency. Sub-harmonics are 

frequencies below the fundamental frequency. 

Fractional harmonics produce an amplitude 

modulation of the fundamental frequency. 

Effect on transformers - the primary effect of 

power system harmonics on transformers is the 

additional heat generated by the losses caused by the 

harmonic contents generated by the load current. 

Other problems include possible resonance between 

the transformer inductance and the system capacitance, 

mechanical insulation stresses due to temperature 

cycling and possible small core vibrations. The 

primary loss components are the winding RI
2
 losses 

and winding eddy-current losses. The losses due to the 

RI
2 

component are due to conductor heating and the 

skin effect. It is found that the loss from the winding 

eddy-current increase with the square of the load 

current and the square of the frequency. 

3.5. Technique of harmonic effect minimization 

The methods to reduce the harmonic effect may 

be divided into two groups: 

- Classical solutions to reduce the distorting 

system, based on the use of passive components 

(coils, capacitors and transformers) – passive 

filtering, or actions on the configuration and/or 

structural of the power network system, with the 

purpose of reducing the voltage harmonic distortion. 

- Novel solutions to reduce harmonic pollution 

may be divided, depending on the mode of action, 

into: solutions using static converters with sinusoidal 

absorption, and solutions based on compensating or 

mitigating the harmonic pollution by active filtering. 

Among the mitigation techniques, the traditional 

passive filtering approach is no longer attractive due 

to its high active power rating. Among current 

injection and active filtering, the later is more 

attractive because of the absence of power dissipating 

equipments and fast transient response. The basic active 

filtering is illustrated through circuits and present 

hardware generated key waveforms - fig. 7. [11] 

 

a) 

 

 

   

 b) 

 

 

 

 

c) 

 
 

Fig. 7 - Techniques of harmonic effect minimization [11]: 

a) Single/multiple filters tuned to different 

frequencies;  

b) General active filtering system; 

c) Principle of harmonic elimination by the 

harmonic injection technique.  

 

3.6. How to protect electrical computer 

equipment from electrical disturbances 

The proper wiring and the dedicated circuits help 

minimize sags and/or surges which may result when 

starting other electrical equipment. In addition, they 

may provide improved voltage regulation. 

A UPS system will eliminate virtually all types of 

line disturbances and interruptions. UPS are available 

in various configurations with rectifier/chargers, 

batteries, inverters and bypass circuits. The duration 

61 

 



 

 

 

of power supply depends on the battery capacity of 

each UPS. 

Voltage regulating transformers free AC output 

from almost all power line disturbances, except a total 

power outage, since a voltage regulating transformer 

is not an uninterruptible power supply. 

Transient suppressors greatly reduce high voltage 

impulses, can cope effectively with most transients, 

but they allow sags and surges to pass through to 

electrical equipment.  

Power line filters are a widely-used method for 

reducing high frequency electrical noise, each 

designed to handle the noise at varying levels and 

ranges. 

Voltage regulators maintain voltage output to 

equipment within narrow limits despite fluctuations 

(sags or surges) in the equipment‟s power supply. 

Isolation transformers are specifically designed to 

prevent electrical noise on a power line from being 

passed through to equipment, but cannot totally 

prevent normal mode noise (line to line). 

Power conditioners combine two or three types of 

protection in one device. The cost of power 

conditioners is usually less than the combination of 

individual power enhancement devices. [12] 

 

4. Conclusions 

Problems of harmonics from nonlinear loads 

continue to grow with the modern office buildings. 

The increasing use of electronic equipment may cause 

the distortion to reach unacceptable levels in future. 

The most common problem is the harmonic distortion 

caused by nonlinear loads such as electric household 

appliances, lighting, personal computers or speed 

control units for motors. Despite of the fluorescent 

lamps ballasts representing nonlinear loads, their 

harmonic contribution is lower and closely limited by 

manufacturers‟ agreements. Engineers should take 

into consideration these issues when designing a 

power distribution system. 
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ABSTRACT 

With the extensive application of electrical power system, suppression of fault current 

limiter is an important subject that guarantees system security. The superconducting fault 

current limiters (SFCL) have been expected as a possible type of power apparatus to 

reduce the fault current in the power system. The results shown that under normal state, 

the FCL has no obvious effect on the power system; under fault state, the current limiting 

inductance connected in the bias current will be inserted into the fault circuit to limit the 

fault current. By regulating the bias current, the FCL voltage loss under normal state and 

the fault current can be adjusted to prescribed level. This kind of SFCL used the 

nonlinear permeability of the magnetic core for create a sufficient impedance. The 

transient performance considering the magnetic saturation is analyzed by Preisach 

model. Preisach model that intrinsically satisfies nonlinear properties is used as the 

numerical method for analysis of saturation effects. It is able to identification isotropic 

and no isotropic behavior. The main idea is to compute the magnetization vector in two 

steps independently, amplitude and phase. The described model yield results in 

qualitative agreement with the experimental results.  

Keywords: Fault current limiter (FCL), Preisach model, optimization procedure, bias current 

 
1. Introduction 

There has been an increase in the number of 

studies on superconducting fault current limiters 

(FCLs) to improve the reliability of electrical power 

systems [1-3].  

The development of effective FCLs is becoming 

more and more important in relation to rising fault 

current levels as more generators and dynamic loads 

are added to transmission grids [4].  

Among the various type SFCL’s, the saturated 

iron core high temperature superconducting FCL 

(SICSFCL) has many advantages and is more 

compact in design [5]: it is a rare exception that does 

not need the quench of superconductivity to create a 

sufficient impedance for fault current limiting, but by 

the nonlinear behavior of the magnetic core, which 

does not have the problem of recovery time [6].  

The high temperature superconducting coils are 

supplied by a DC source and do not have ac power 

loss. It is thought to be one of the promising 

candidates for the practical one. However, as 

mentioned above, the SICSFCL limit the fault current 

by the nonlinear permeability of the magnetic core, so 

the AC windings must have a certain number of turns 

to ensure the sufficiently large impedance under fault 

conditions which will result in comparatively large 

impedance and undesirable voltage loss under normal 

operation state. 

In order to solve this problem, a novel magnetic 

controlled switcher type fault current limiter topology 

for high voltage electric network based on the 

structure of the SICSFCL is proposed.  

A current limiting inductance is been connected 

into the bias circuit, and it will be inserted into the ac 

circuit automatically to limit the fault current when a 

short circuit fault occurs.  

In this paper, the current limiting mechanism of 

the proposed FCL is discussed, and the relationship 

between magnetic flux density B and magnetic field 

intensity H discussed by Preisach model.  

Nonlinear permeability of the magnetic core has 

very important rule in operation of this fault current 

limiter. Preisach model gives the exact result for FCL 

output waves that have the most agreement with the 

previous presented numerical approaches. 
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2. Theoretical characteristics of magnetic-

controlled switcher type fault current limiter  

The topology of the magnetic-controlled switcher 

type FCL is illustrated in Fig.1.  
 

 
 

Fig. 1 – Topology of the magnetic controlled switcher 

type fault current limiter 

 

The FCL composed of a magnetic core with three 

columns which has the effect of magnetic controlled 

switcher, current limiting inductance and AC bias 

source. The section area of the yokes and middle 

column are larger than that of the side columns; the 

AC windings 1 and 2 are connected in series to a 

power line, DC bias winding 3 and current limiting 

inductance is connected into the DC circuit. Three-

phase full bridge controlled rectifier provides DC bias 

current for the FCL. Under normal operation state, 

the DC bias current is adjusted to make the side 

columns core in deep saturated state, while the yokes 

and the middle column core are in unsaturated state 

due to the larger section area than the side columns. 

Under normal state, the magnetic-controlled 

switcher is turned off, the current limiting inductance 

has no obvious effect on the AC circuit, the 

impedance of the FCL is very low and the voltage 

drops on the ac windings are low. When a fault 

occurs, the amplitude of the fault current is increased 

and generates an AC magnetic motive force (mmf) 

large enough to counteract the DC bias mmf and 

unsaturated the side columns core. In the negative 

half cycle of the AC current, the right side column 

will be unsaturated, the FCL works like a single 

phase transformer, the right side winding as the 

primary winding and the bias winding as the 

secondary winding, the magnetic-controlled switcher 

is turned on, the current limiting inductance L will be 

converted into the AC circuit to limit the fault current 

automatically. At the same time, the AC mmf in the 

left side column is in the same direction with the DC 

bias mmf, the left side column will be in deeper 

saturate state and has no effect on the fault current. 

Two side columns are used here for the fault 

current limitation in positive and negative half cycle 

of the AC current alternatively. The section area of 

the yokes and middle column are larger than that of 

the side columns, this kind of design has two 

advantages: one is that the side columns can be easily 

be driven into saturation by the bias current while the 

middle column and the yokes are in unsaturated state; 

the other is that when the side columns are been 

unsaturated after the fault, it will be work as a single 

phase transformer with the middle column 

immediately, the magnetic controlled switcher 

switches on and the current limiting inductance L will 

be connected into the AC circuit to limit the fault 

current. 

 

3. Bias current influence on the FCL voltage 

loss under normal state 

The bias current plays a very important role in the 

magnetic-controlled switcher type FCL operation. 

Under normal operation state, the bias current must 

provide a DC mmf large enough to saturated the side 

columns core; under fault state, the magnitude of bias 

current determines the period of time when the 

current limiting inductance be converted into the fault 

circuit, thus determines the magnitude and form of 

the limited current. The bias current influence on the 

characteristic of the FCL will be analyzed in the 

following paragraphs. Suppose the bias current is iDC, 

then the bias mmf can be written as:  

DCDCDC NiF             (1) 

where, NDC is the turn of bias winding.  

The bias magnetic field intensity is 

lFH DC /0                    (2) 

where, l is the mean length of magnetic circuit. 

Then the bias magnetic flux density can be written 

as:     

)( 00 HfB                      (3) 

where, f  is the function expressing the relationship 

between magnetic flux density B and magnetic field 

intensity H . Preisach model is used for identification 

this function. 

 

4. Using of Preisach model for studying of 

saturation effect in magnetic-controlled switcher 

type 

The model introduced in this section fits in the 

category of vector Preisach coupled-hysteron models. 

The magnetization is computed in two steps, first the 

amplitude and second the angle between vector 

magnetization and vector applied field (φ = θ − α, see 

Fig. 2). 

This model in two dimensions is defined by 

means of the following terms: two Preisach 

independent functions computed in the principal axes 

of the system (easy Px(Ux,Vx) and hard Py(Uy,Vy), a 

weight function G(a), a phase diagram composed by a 

boundary function Lφ(α,|H|), and a history function 

T(Δα) (α is the angle between vector applied field and 

vector magnetization). The hysteron coupling is 

obtained by means of both weight function and phase 

diagram. This model satisfies both saturation and loss 

properties intrinsically. 
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Fig. 2 – Applied field and magnetization for fixed α 

 

The identification of the model parameters can be 

solved by means of a reduced set of experimental 

data, which includes both rotational and alternating 

loops. A key point of a simple identification 

procedure described below is to postulate that the 

vector magnetization is oriented in the same direction 

of vector applied field when the starting magnetic 

state is the demagnetizing one and an alternative field 

is applied. So, the Px(Ux,Vx) function can be 

computed by the knowledge either of first-order 

reversal curves [8] or of a set of symmetric minor 

loops [9], as in scalar hysteresis identification. In 

analogy for the Py(Uy,Vy) computation. For a fixed 

direction a of applied field vector, the Preisach 

function is given by : 

),()(),())(1(),( yyyxxx VUPGVUPGVUP    (4) 

where: G(α) has magnitude between 0 and 1. 

 For a generic history of the applied field, the 

magnetization is computed solving the double Everett 

integral [6]. 

 dVdUVUPtHM
D

),()),(( 


      

 dVdUVUP
D

),(


             (5) 

where M(H(α, t)) and H(α, t) are the input and the 

output of the model at the time t. D+ and D- are the 

positive and negative domain of Preisach triangle 

where the hysteron give a positive or a negative 

contribution to the total magnetization. 

The maximum value of the magnetization 

predicted by (2) can achieve the saturation 

magnetization Ms. When the magnetic material 

behavior is isotropic, for each direction 

Pα(Uα,Vα)=Px(Ux,Vx); otherwise, the weight function 

G(α) is determined by fitting the Preisach function 

computed by means of measurements of alternative 

applied field along different α-directions. The 

Preisach functions have to satisfy the symmetry 

property: Pα = P-α = Pπ-α= Pπ+α, this means that: 

G(α)=G(-α)=G(π −α)=G(π+α). A generalization of 

the model and in particular of the (1) includes the 

Pα(Uα, Vα, ), computation as follows: 

)),,(),,((),(  yyyxxx VUPVUPFVUP   (6) 

,where F (which can be identified by experimental 

alternative data) satisfies the following properties: 









)2/),,(),,((),(

)0),,(),,((),(

yyyxxxyyy

yyyxxxxxx

VUPVUPFVUP

VUPVUPFVUP
(7) 

The two Preisach functions Px and Py are both 

located in the same Preisach plane. The applied 

vector field H = H(α) is separated in two vectors, 

HA=[H1,….HN] which gives the magnitude and 

α=[α1,…αN] which gives the angle between vector 

field and x-axis. Using the first, we solve the Everett 

integrals in the same Preisach plane but with Px and 

Py as Preisach function, obtaining two valves, of 

magnetization (Mx, My) for each element of the 

vector. By the knowledge of the second vector we 

compute the values of the weight function G and the 

final value of the magnitude of magnetization as 

Mα=(1 –G(α))Mx + G(α)My. 

From the computational point of view the 

magnitude computation in this model is the larger 

time consuming step, but is about two times the CPU 

times for a scalar approach such as the CSPM. 

The φ angle between magnetization and applied 

field depends on the magnitude of the applied field, 

on the angle between vector applied field and a fixed 

direction, and on the magnetic history. We introduce 

a phase diagram that takes into account all of these 

aspects, we postulate only that there is a lag angle 

between the vector applied field and the vector 

magnetization, this is verified experimentally in most 

cases. 

The phase diagram can be computed in two steps: 

the boundary Lφ(α ,|H|) and the T(Δα). The former 

can be computed by means of the knowledge of the 

experimental rotational loops and it is implemented in 

numerical way. The magnitude of the applied field 

(from zero to saturation field HS) is divided in N+1 

points, H = [0, ΔH, 2ΔH,…, NΔH], being NΔH=HS. 

Experimentally, the measurements start by the 

saturate rotational loop (H=HS), where the field and 

the magnetization are parallel, decreasing for each 

measurement step the field magnitude of ΔH we 

obtain by the rotational loop the angle between vector 

magnetization and vector applied field as function of 

α in particular the value of the angle is max for α =0 

and it decrees until a minimum α=π/2. All of these 

give the whole phase diagram boundary Lφ(α,|H|). 

The phase diagram can be computed also using the 

rotational loop measured for constant magnitude of 

magnetization L’φ(α ,|M|). 

Its computation can be done likewise to the 

Lφ(α,|H|)  but considering a vector of 

M=[0,ΔM,2ΔM,...,NΔM]. It can be proved that 

L’φ(α,|H|) and Lφ(α ,|H|) are equivalent. 

We draw attention to an important aspect, when 

H=HS the phase diagram boundary is reduced to a 

point. This gives magnetization and applied field 

parallel at saturation field, this fact gives the 

rotational losses zero at saturation yielding the loss 

property intrinsically. 

The identification of function T(Δα) is nontrivial 

and the knowledge of alternative and rotational loop 
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is not enough to solve it, the complete identification 

procedure will be discuss elsewhere. However, in 

order to reproduce alternative and rotational loops 

and losses, the knowledge of T(Δα) is not necessary. 

In the theoretical case of isotropic material, 

namely the physical behavior is the same for each 

direction. For a rotational loop related to a value of 

magnitude of magnetization or field, the angle 

between the magnetization and the applied field 

depends on the amplitude itself [8]-[9] only, so the 

phase diagram boundary becomes a function of the 

magnetization L’φ(|H|) only. 

 

5. Transient analysis of transformer type 

SFCL 

The schematic diagram used for transient analysis 

shown in Fig.3. 
   

 
 

Fig. 3 – Equivalent circuit used for transient analysis 
 

By using this schematic diagram, the equations of 

voltage are given as follows.  
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LSC is residual inductance of the super conducting 

current limiting device, which is equal to 28 mH. It is 

measured experimentally under a variety of fault 

condition. 

In normal condition, resistive type SFCL is zero. 

If path current through the SFCL is more than its 

circuit current, RSC can be represented by the 

following expression. 








 
 )exp(1



q

sc

tt
RR           (12) 

where R is the maximum value of the current limiting 

device resistance, and τ is the time constant of the 

resistance increase. Moreover, t = 0 is the time when 

the transmission line fault occurs, and t=tq (> 0) is the 

time when the S-N transition starts. 

The magnetizing current i3(t) is expressed by 

considering the magnetomotive force and by 

combining equations we can obtain: 

)(3 ti
l

NA
















            (13) 

The transient waveforms of the transformer type 

SFCL can also be calculated. 

 

6. Result and discussions 

As shown in Fig. 4, 5, when the bias current is 

small, the SFCL voltage is very high for the side 

columns core has not been saturated by the bias 

current, the FCL impedance is large and the voltage 

lost can not be neglected. With the increase of the 

bias current, the bias mmf drives the side columns 

core in saturation and the FCL impedance becomes 

low, so does the FCL voltage. 

 
Fig. 4 – Relation between limited current and bias 

current 

 

Fig. 5 – Relation between bias current and voltage loss 

ratio 

 

Fig 6, 7 demonstrate the fault current limiting 

effect and examine the relationship between the bias 

current and the limited fault current, hence as to 

determine the bias current by the requirement of 

preset fault respectively. 
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Fig. 6– Short circuit fault current without FCL 

 

 
Fig. 7– Short circuit fault current with FCL 

 

The fault current wave form with FCL is shown in 

Fig. 7 when the bias current is 50A and without FCL 

is shown in Fig. 6. Comparing the fault current with 

and without the FCL, the amplitude of the fault 

current was reduced by about 50% in this model. 

The calculated waveform based on suggested 

model is very close to those obtained from Froehlich 

formula [10]. 

 

7. Conclusions 

Effects of B-H curve on the operation of 

transformer type SFCL is very crucial. In this paper, a 

novel optimized procedure for modelling of magnetic 

saturation effects was proposed. Preisach model gives 

the exact result for FCL output waves that have the 

most agreement with the previous presented 

numerical approaches such as Froehlich formula. The 

results of this analysis are very useful for quantitative 

estimation and have to be considered in the design of 

magnetic controlled switcher type fault current 

limiter. 
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ABSTRACT 

In this paper reliability of real large distribution network of a city was calculated based 

on probabilistic method. Analysis of voltage sag incidence rate was done, too. In studied 

real case was shown how using improvement methods of reliability can affect voltage sag 

incidence rate in networks. 

Keywords: reliability, voltage sag, power quality, distribution network, network topology, stochastic model, 

Weibull-Markov model 

 
1. Introduction 

In recent years, the importance of power quality 

continues to grow as more electronic and precision 

devices are used in customer side and topology 

distribution system and more high dense. Power 

quality is classified into two groups, voltage quality 

and frequency variations. Voltage quality divides into 

voltage sag, voltage swell, interruption and etc. 

Frequency variation also is classified into transient 

state, harmonics and etc [1]. Both of reliability and 

voltage sag concepts are developed in power quality 

set [2]. Fig.1 shows these concepts’ position in 

voltage quality category.  

 

 
 

Fig 1 - Power quality concepts categories 

 

 

 

2. Reliability analysis method 

Power systems should be designed and operated 

in a way that customers’ energy supply has 

acceptable continuity and quality. With developing 

technology, customers have become so sensitive that 

power outage even for several moments, may cause 

huge damages. To investigate this problem and 

system operation from continuity and servicing, 

criteria are used which are generally called as system 

reliability. Reliability is one of important parts in 

power systems studies which weak points of the 

network can be identified by it [3, 4]. 

Generally, reliability in power systems is 

calculated in three levels [5, 6, 7]: - Connection 

check: this method investigates the network only 

from junction's point of view.  

- Capacity flow: this method studies over current 

capability and heating resulting from overloads in 

addition to junctions’ investigation, and is appropriate 

for distribution network. 

- AC Load flow: Actually, this method is the most 

perfect approach, which works according to load flow 

tracing and is more perfect than other two 

approaches. For using reliability results, some 

standard indices are described, which are divided in 

two groups, load point indices and system indices. 

The most important of them are presented in Table 1 

[3, 8]. 

 

2.1. Applied Methodology 

Probabilistic Reliability Assessment is depicted in 

Fig.2 [9]. 
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Table 1 

 
 

 
 

Fig. 2 - Probabilistic Reliability Assessment 

Flowchart 

 

The failure models describe the way in which the 

system components may fail, how often they will fail 

and how long it takes to repair them. The load models 

may consists of only a few possible load demands, or 

may be based on precise load forecast and growth 

scenarios. The combination of one or more 

simultaneous faults and a specific load condition is 

called a 'system state'. The system state production 

module will use the failure and load models to build a 

list of relevant system states. Each of these system 

states may have one or more faults. It is the task of 

the FEA module to analyze the faulted system states 

by imitating the system reactions to these faults, 

given the current load demands. The FEA will 

normally take the power system through a number of 

operational states which may include - Fault 

clearance by tripping protection breakers - Fault 

separation by opening separating switches - Power 

restoration by closing normally open switches The 

basic task of the FEA functions is to find out if the 

system faults will lead to loads interruptions and 

when such is the case, which loads will be interrupted 

for how long. The results of the FEA are combined by 

the data that is provided by the system state 

production module to update the statistics. The 

system state data describes the expected frequency of 

occurrence of the system state and its expected 

duration. The duration of these system states should 

not be mistaken for the interruption duration. The 

advantage of this method is the probability of its 

usage into voltage sag incidence rate calculating. 

 

2.2. Stochastic Models 

A stochastic model describes how and how often a 

certain object changes. A line, for example, may 

suffer an outage due to a short circuit. After such an 

outage repair will be started and the line will be taken 

into service again after the repair has been finished. If 

the two states for the line A as "in service'' and "in 

repair'' are defined, a monitoring of the line could 

result in a graph as depicted in the Fig 3. 

 
Fig. 3 - Example of a monitored component state 

in time 

The line A in this example fails at time T1 after 

which it is repaired and put back into service at T2. It 

fails again at T3, is repaired again, etc. The repair 

durations R1=T2-T1, R2=T4-T3, etc. are exaggerated 

in this example. The repair durations are also called 

the "Time To Repair'' or "TTR''. The service 

durations S1=T1, S2=T3-T2, etc. are called the "life-

time'', "Time To Failure'' or "TTF''. Both the TTR and 

the TTF are stochastic quantities. By gathering failure 

data about a large group of similar appliances in the 

power system, statistical information about the TTR 

and TTF, such as the mean value and the standard 

deviation, can be calculated. The statistical 

information is then used to define a stochastic model. 

There are many ways in which to define a 

stochastic model. The so-called "homogenous 

Markov-model'' is a highly simplified but generally 

used model. A homogenous Markov model with two 

states is defined by 

- A constant failure rate: _ 

- A constant repair rate: μ 

These two parameters can be used to calculate the: 

- Mean time to failure: TTF = 1/ _ 

- Mean time to repair: TTR = 1/ μ 

- Availability: P = TTF/(TTF+TTR) 

- Unavailability: Q = TTR/(TTF+TTR) 

The availability gives the fraction of time during 

which the component is in service, the unavailability 

the fraction of time during which it is in repair and 

P+Q =1.0. 
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A peculiarity of the homogenous Markov model is 

that it is completely memory-less. This means that, if 

a preventive maintenance is performed to improve the 

reliability of a component, it does not make any 

change if the last maintenance has been performed 

one week or ten years ago, or even if maintenance 

was performed at all. The probability for the 

component to fail in the next period of time will be 

equal in all cases. Effects of changing preventive 

maintenance can therefore not be calculated when 

using the homogenous Markov model. All reliability 

assessment functions are therefore based on the 

"Weibull-Markov'' model (WM-model). This more 

advanced stochastic model has the following features. 

- It uses Weibull distributions for all stochastic 

durations. This distribution uses a shape factor and a 

characteristic time. By setting the shape parameter 

"beta'' to 1.0, a homogenous Markov model results. 

- The Weibull-Markov model is therefore 100% 

backwards compatible with the homogenous Markov 

model and existing 'homogenous Markov data' may 

be used directly without a need for conversion. 

- It allows for addressing the effects of 

maintenance and ageing of equipment. 

- It allows for a fast and correct calculation of 

interruption costs in all cases. 

A Weibull-Markov model with three states is 

depicted in the Fig 4. 

 

 
Fig. 4 - A Weibull−Markov model 

 

This example shows all parameters needed for 

defining a Weibull-Markov model. If the example 

model would describe the behavior of a generator, 

then:  

- State S0 could describe the state with 100% 

capacity; - State S1 could describe a derated state 

with limited capacity; 

- State S2 could describe the repair state. The 

parameters _ and _ are used to define the stochastic 

duration of each state, i.e. the stochastic TTF (State S 

0) or TTR (State S 2). The "Transition Probabilities'' 

Prij define the probability of the generator to change 

to another state. The probability Pr01, for example, 

equals the fraction of failures where the generator is 

not tripped but kept on line with derated capacity. 

The probability Pr02 equals the fraction of failures 

that cause the generator to trip, and Pr01+Pr02=1.0 in 

this example. All of component in studied network 

were modeled based on this model. According to 

IEEE standard for each reliability indices of network 

elements to be valid, at least 8 faults should be 

recorded for that element in the past. In case that 

these in formation are not available we used noted 

values in CEA standard [10, 11]. Anyway, with 

regarding to that all elements are measured compared 

to each other and strength and weakness ratio with 

respect to feeders in one network are calculated, these 

results are valid. In this study fault rate is considered 

for busbars, terminals and line feeders. Other 

equipment's fault rate is applied into these fault rates. 

 

3. Voltage Sag 

Voltage sag is one of the most important 

discussions in power quality. Incidence of this 

phenomenon for customers would be so expensive. 

Therefore, voltage sag is also one of the most 

important parameters in distribution network 

development and electric companies try to minimize 

its incidence [12]. According to IEEE standard [2], A 

voltage sag (dip) is a short-duration (from 0.5 cycles 

to 1 minute) reduction between 10% and 90% in rms 

voltage. Reasons of voltage sag are generally short 

circuit faults, overloads and large motors start-up 

[13,14]. With respect to its fault-type generator, 

voltage sag can be classified into seven groups: A, B, 

C, D, E, F and G. These groups generally are 

classified into: balanced voltage sag (type A) and 

unbalanced voltage sags (other sag types). Variations, 

which are applied to network for improving 

reliability, can influence voltage sag sensing value in 

loads. For example changing a single circuit line to a 

double-circuit line can improve system reliability but 

by reduction of impedance (impdences become 

parallel) can increase value and intensity of voltage 

sag. Concept of this is shown in Fig.5. 

 

 
Fig 5 - Sample of mutual effect of reliability and 

voltage sag 

 

Voltage sag analysis has much in common with 

probabilistic reliability analysis. Both use fault 

statistics to describe the frequency of faults and use 

these statistics to weight the results of each event and 

calculate the overall effect of failures. But whereas 
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the reliability analysis is looking for sustained 

interruptions as one aspect of the quality of supply, 

the voltage sag analysis is calculating the voltage 

drop during the fault until the protection system has 

disconnected the defective component. Exposed area 

limit is the minimum remaining voltage for the 

voltage sag calculation to continue calculating short-

circuits at busbars further away from the selected load 

points. If short-circuits at all busbars at a certain 

distance away from all load points result in remaining 

voltages at the load points higher than this limit, then 

no further shortcircuit will be analyzed. Indeed The 

procedure of the voltage sag analysis is in the way 

that various faults at all relevant busbars are 

simulated. It starts with the selected load-points, and 

proceeds to neighboring busbars until the remaining 

voltage at all load-points does not drop below the 

exposed area limit. After all relevant busbars have 

been analyzed; the sag table assessment continues by 

analyzing short-circuits at the middle of all lines and 

cables that are connected between the relevant 

busbars. 

 

4. Distribution Network Simulation 

Studied case is new 20KV distribution network of 

a city, which was completely destroyed by 

earthquake. For complete simulation of this network, 

79 substations, 78 loads and 92 feeders were 

considered1. The network plan is considered as a 

radial cable network. Protection system was done by 

O\C protection for all feeders. For all incoming and 

outgoing feeders circuit breaker switches were 

considered. Auto reclose capability for all CBs could 

be activated. All loads were protected by fuse switch. 

Simulated network topology is shown in Fig .6. 

4.1. Calculation Of Network Reliability 

Based on reliability theory above mentioned, 

Reliability assessment of this network was calculated 

by using network load analysis and considering 

maximum two faults in network (two equipments 

outage). The Reliability indices are shown in Fig.7 

and Table 2. In the first part of calculations power 

restoration capability for all switches is not activated. 

This capability means isolation of smallest faulted 

part of network and reclosing other switches, which 

have been opened by protection system. Therefore, 

other part of the network is separated from faulty part 

and does not need to stay power less till finishing 

repairs. With regarding to initial state of network, 

voltage sag and AID index in Fig.7, reliability indices 

of substation No. 35, 41, 45 and E11 are investigated 

more carefully and some proposed approaches are 

presented to improve reliability of these S/S. Their 

positions and feeders are specified in Fig.6. Table 3 

shows calculated reliability indices of these four 

substations.  

 

Table 2 -  Network Reliability Indices 

 
 

Table 3 -  Reliability Indices  

of Studied Substations 

 

Fig 6 - 20kv distribution network topology 
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Fig 7 - Reliability calculation results, AID(h) index 

 

 

 

4.2. Calculation of Voltage Sag Rate 

In this study, voltage sag incidence rate 

calculations were done in two cases: 100% three-

phase faults and % 70 three-phase faults and % 30 

single-phase faults. It should be noted that these sags 

number are only based on fault rate in bus bars and 

network lines, which have been used to calculate 

reliability and dose not include other voltage sag 

reasons such stating large motors and etc. 

Voltage sag incidence rate analysis is done for 

substations No. E11, 35 and 40. Results are shown in 

Fig. 8 and Fig. 9. 

 

 
Fig 8 - Voltage sag incidence rate value in case 1 

 

 
 

Fig 9 - Voltage sag incidence rate value in case 2 

 

Table 4 shows summary of all voltage sags for 

substation and associated loads annually in two cases. 

 

Table 4 - Voltage sag incidence rate value for S/S 

E11, 35, 40 annually. 

 
 

4.3. Reliability improvement methods 

To improve system operation, following 

approaches can be used. Each of them is applicable 

with respect to network topology, investigated 

equipment, cost and etc. 

- Adding Generation unit 

-Connection types of generation units to network 

(power plants substation configurations) 

- Changing Network topology 

- Duplicating feeder lines 

- Changing Substation configurations 

It would be noted that applying each of these 

methods although improves reliability indices in 

network but by changing network topology, have 

direct effects on voltage sag incidence rate value. 

New calculations are done with respect to power 

restoration capability for all switches. But using these 

switches increase development cost of network 

extremely. Results of these calculations are shown in 

Fig.10 and Tables 5 and 6. Note that this capability 

just decreases powerless duration and has no effect on 

outage numbers. This subject is shown in Tables 3 & 

5 (compare SAIFI & CAIPI indices, in which SAIFI 

index value is unchanged but CAIDI value is 

decreased too much). 

 

Table 5 - Reliability Indices of Studied Network 

with Power Restoration Switches 
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Table 6 - Reliability Indices of Studied Substations 

with Power Restoration Switches 

 

By investigating results, one can understood that 

effect of applying this capability decreases duration 

of network outages about 88%.

 

 

Fig 10 - Reliability calculations results with power restoration capability switches, AID(h) index 

 

To improve reliability in substation 35, main 

incoming feeder is changed from one switch to 

another. This work is done with regarding to network 

load endurance power of the other route. Concept of 

this is shown in Fig.11. 

 

 
 

Fig 11 - Changing incoming feeder concept by 

changing default closed switch 

 

New results for the whole network are shown in 

Fig.12 and Table 7 and for the studied substations are 

shown in  

Table 8. By applying this change in addition to 

increasing system reliability and decreasing outage 

average time in substation 35, its outage number also 

reduce to 1/3 of its original value. 

 

Table 7 - Reliability Indices of Studied Network / 

Changing Closed Switch in S/S No.35 

 
 

 

Table 8 - Reliability Indices of Studied Substations 

/ Changing Closed Switch in S/S No.35 

 

Because there is no way to feed substation 41 & 45 

from another route, their routes in bus 32 to 33 and 

bus 33 to 34 are changed to double- circuit line. 

These lines were chosen because they have the 

longest length along feed route. So in these lines the 

fault incidences are more possible. Calculated results 

after this change are shown in Tables 9 & 10.  

 

Table9 - Reliability Indices of Studied Substations 

/ Double Circuit Line for Incoming Feeder of S/S 

No.45 

 
 

Table 10 - Reliability Indices of Studied Network / 

Double Circuit Line for Incoming Feeder of S/S 

No.45 

 
In the next step, the substation E11 could be 

connected from another feeder to network because of 

its geographical position. Its feed route changed from 

substation 20 to substation 10. Effect of this change 

on E11 is seen in tables 11 & 12. By applying these 

changes, average fault number in substation E11 is 

decreased to less than half and outage time of this S/S 

is reduced about one hour.  

 

Table 11 - Reliability Indices of Studied Network / 

Changing Feed Route of S/S No.E11 

 
ENS(MWH/a) CAIDI(h) SAIFI(1/a) ASAI 

296.6 20.558 .28996 .99931 
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Table12 - Reliability Indices of Studied Substations /  

Changing Feed Route of S/S No.E11 

 

 

Fig 12 - Reliability calculations results with changing closed switch in substation No.35, AID(h) index 

 

 

Fig 13 - Reliability calculations results with all improvement solutions 

and power restoration switches, AID(h) index 

Finally, by applying all modifications above 

mentioned, power restoration capability is enabled for 

all switches again and new results are shown in 

Tables 13 & 14 and Fig.13. As it seen, this capability 

would increase reliability and electrical supply 

continuity more than other changes.  

 

Table 13 - Reliability Indices of Studied Network 

/All Improvement Solutions were done and 

Power Restoration Switches 

 
 

Table 14 - Reliability Indices of Studied 

Substations /All Improvement Solutions were 

done and Power Restoration Switches 

 

 

4.4. Renewed calculations of voltage sag incidence 

rate 

After applying changes to improve system reliability, 

voltage sag incidence rate is calculated again. New 

results of substations E11, 35 and 40 are shown in 

Fig.14 & 13 two cases. As it is seen, applied changes 

increase voltage sag incidence rate regardless of 

increasing system reliability. Voltage sag incidence 

rates for three substations are shown in Table 15 

(Compare value of this Table with Table 4). For 

example in substation 40 by making a double circuit 

line for feed route to improve reliability, there would 

be %21 increase in voltage sag incidence rate.  

 

Table 15 - Voltage sag incidence rate value after 

reliability improving solutions 
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Table 16 - Voltage sag incidence rate variation 

after reliability improving solutions 

 
 

 
Fig 14 - Voltage sag incidence rate value in case 1 

 

 

 
Fig 15 - Voltage sag incidence rate value in case 2 

 

5. CONCLUSIONS 

In this study, at the first, probabilistic method for 

calculating reliability of network and Weibull-

Markov model were described. 20Kv distribution 

network was completely simulated in computer and 

reliability of this network was done based on this 

method. Reality and largeness are to specific 

character of this network. In other hand calculation 

are done with considering two faults in network. 

After calculating of network reliability, voltage sag 

rate in this network with common fault was 

calculated. With regarding to weak reliability indices 

in network nodes, four S/S is selected. By using 

typical and simple method, it was demonstrated that 

how can increase system reliability through network 

topology changes without much expense. In the next 

step, by renewing calculation of fault rate, it was 

specified that although these changes decrease 

network reliability in distribution network but the will 

increase voltage sag incidence rate because of short-

circuit incidence from load view. By regarding 

several loads in vicinity of applied changes, effects 

amount of each change on voltage sag rate are shown. 

This subject indicates that this kind of studies 

before construction of network can have positive 

effects on final results and initial capital.  
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ABSTRACT 

The computing effort required for the analysis of a large power system can be reduced 

using simplifying techniques such as state estimation algorithms and system equivalents. 

This paper proposes improvements to the standard WLS state estimation algorithm by a 

method that uses REI equivalents, genetic algorithms and synchronous phase 

measurements. A study case is performed on the IEEE 57 bus test system. 

Keywords: WLS Estimation; REI equivalents; Genetic algorithms; PMU placements. 

 
1. Introduction 

Today’s power systems have become 

increasingly larger, because of the high degree of 

interconnectivity that came along with the 

establishment of trans regional and trans-national 

electricity markets, which trade large quantities of 

electricity over long distances. There are often cases 

when the networks from where the electricity is 

produced to where is actually consumed belong to 

different owners, which are competitors. 

In such situations, two main issues can appear in 

regard to the problem of network analysis: the size of 

the system, which can reach up to hundreds or 

thousands of buses, requiring heavy computational 

efforts for analysis, and lack of data regarding the 

system topology and bus loads, because of the 

unwillingness of the different owners to share critical 

information about their system. 

On the other hand, sometimes, only a small 

portion of the entire system is of actual interest, while 

the rest of it is only a burden in the analysis process. 

To deal with these issues, analysis algorithms that 

require less data or simplifying techniques that reduce 

the size of the system can be used. Such techniques 

are the state estimation algorithms and the system 

equivalents. 

The static state estimation (SE) algorithms use a 

limited set of measurements placed in key points and 

topological information in order to determine the 

steady state of the system. Today, the most used are 

the WLS, LAV, LMA estimation algorithms [1, 2, 3].  

System or network equivalents are used especially 

when the main interest lies in the study of a local 

power system interconnected with other neighboring 

systems, which are replaced by an equivalent, 

reducing the computational efforts required for 

analysis. The most known system equivalents used 

today are the Ward, REI, ETI equivalents [4, 5, 6].  

This paper proposes a method to improve the 

results of the classic WLS state estimation algorithm 

by using genetic algorithms, GPS synchronized 

phasor measurement units (PMU) and REI type 

system equivalents. A study case carried out on the 

IEEE 57 bus test system proves the method’s 

reliability. 

 

2. WLS state estimation 

Classic SE algorithms use as measurements 

bus power injections, line power flows and bus 

voltages, which are usually affected by errors due to 

lack of measurement synchronicity and metering 

devices precision. Also, pseudo-measurements can be 

used, which are offline, but trusted measurements (the 

voltage of a generator bus, for instance).  

If 

z h(x) e.                           (1) 

Where: 

 x is an unknown vector of n state variables, 

usually bus voltage magnitudes and angles, 

 z is a known vector of m measurements 

(n<m),  

 h:RnxRm is a known non-linear function 

relating measurements to states, and 
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 e is an m by m dimensional vector of 

measurement errors of variance R , 

The weighted least square (WLS) SE algorithm 

minimizes the following goal function: 

J([x]) = [z] - h([x])W [z] h([x])(2) 

By the means of the Newton method, this computes 

the state corrections: 

[x]
k+1

 [x]
k
 + [ x]

 k
                          (3) 

In an iterative process by solving 

G(x)  [ x]
 k
 = H

T
 ([x]

 k
) R-1

  [ z]
 k
          (4) 

Where: W is an m-sized diagonal matrix of 

measurement weights. The best estimation is 

achieved when W=R-1, H is the Jacobian matrix, 

G H
T
 ([x]

 k
 ) R

-1
 H([ x ]

 k
 ) is the gain matrix and 

[z] – h ([x]
 k

 ) 
not 

=[ z]
 k
  is the vector of errors  

between measured and computed values. 

The traditional WLS algorithm uses for voltages 

only magnitude measurements. Voltage angles are not 

used because of significant errors that may occur 

since these measurements cannot be synchronized. 

The development of GPS synchronized PMU 

technology has made possible to take high precision 

voltage angle measurements from the system, which 

increase the precision of the traditional SE 

algorithms, while the mathematical model remains 

basically the same, incorporating only the new 

measurements into the state vector x and changing the 

structure of the Jacobian matrix accordingly. 

 

3. REI equivalents 

Generally, the system equivalents techniques 

divide the original power system into three 

subsystems: (i) the internal power system (IPS), 

which is the part of the power system under analysis; 

(ii) the external power system (EPS), which is the 

usually a larger part of the system, is of no interest 

and will be replaced by the equivalent, and (iii) a 

small number of boundary buses (BBs), the buses that 

link the IPS to the EPS, dividing the whole systems in 

two completely distinct areas. 

The REI equivalent groups one or more sets of 

real buses from the EPS into REI buses, using a 

fictitious, temporary network called Zero Power 

Balance Network (ZPBN), which links the grouped 

buses to the fictitious REI buses and has the special 

property that it preserves power losses in the initial 

and equivalent networks. 

After building all ZPBNs associated to the REI 

buses, the network is reduced applying a traditional 

Gauss reduction technique until all the lower diagonal 

elements from the columns of matrix [Yn] 

corresponding to the external and REI buses, have 

been zeroed. The sub matrix corresponding to the 

internal and boundary buses is extracted to represent 

the admittance matrix in the equivalent network [7]. 

The basic REI model either groups all EPS buses 

into a single REI bus, or uses 2 REI buses, one for the 

load buses, and the other for the generator buses. 

However, multiple REI buses can be used. The 

grouping procedure is a question which should take 

into account its influence over the accuracy of the IPS 

operating conditions computed using the REI 

equivalents for different contingencies in the IPS. The 

REI equivalent should: (i) seen from the boundary 

nodes, to represent accurately the structure and the 

behavior of the EPS, (ii) describe as accurately as 

possible the reaction of the EPS to changes in the IPS 

with respect to the reference operating conditions and 

(iii) have a minimal number of REI buses. 

 

4. Generic algorithms 

Genetic algorithms (GAs) are well known 

adaptive techniques that determine an optimal or 

near-optimal solution for an optimization problem 

using mechanisms inspired by genetics and natural 

selection [8, 9]. They represent the admissible 

solutions as strings or chromosomes of fixed 

(problem dependent) length. An initial population of 

chromosomes is randomly generated, which then 

evolves in an iterative evolutionary process towards 

the optimal solution by “the fittest survive” principle, 

using the genetic selection, crossover and mutation 

operators. The elements of the strings (called genes) 

frequently use a binary representation (e.g. 0-1; on-

off; present-absent), but real number representation is 

also possible. The degree in which an admissible 

solution is a better solution for the problem is 

described by a fitness function. GAs maximize by 

principle the fitness function, hence, if the 

optimization problem aims to minimize the goal 

function F, the fitness function f must be computed as 

the reciprocal of F (f=1/F). 

 

5. The proposed method 

This paper proposes a method of improving the 

classic WLS state estimation algorithm by using 

genetic algorithms combined with REI equivalents 

and using the benefits of synchronized voltage 

amplitude and angle measurements offered by the 

PMU devices. 

In the first step, the system is divided into the 

internal and external systems, separated by a number 

of boundary buses. Then, a load flow calculation is 

performed on the whole system, where a heavy 

contingency is simulated in the external system. The 

results are considered as reference and as source of 

measurements for the estimation phase. 

In the second step, a standard WLS estimation is 

performed in the subsystem comprising of the internal 

and boundary buses, while the external system is 

removed, its influence being simulated by updating 

the bus power injections at the boundary buses in 

accordance with the power flows on the branches that 

connect these buses with the eliminated external 

system. 

The accuracy of the estimation depends heavily 

on the number and placement of measurements in the 

system. In this regard, the method uses a genetic 

algorithm to determine the optimal placement of the 
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measurements in the reduced system. The proposed 

GA operates with two sets of chromosomes, one for 

bus measurements (bus voltage magnitude and power 

injections) and one for branch measurements (branch 

power flows). A gene value of 1 denotes the presence 

of a measurement in a bus or on a branch of the 

system, while a value of 0 indicates the absence of the 

measurement. The fitness function of the algorithm is 

the inverse of the absolute difference between the 

reference complex voltage at the system’s buses, 

computed in the initial load flow algorithm, and the 

estimated complex voltages determined by the WLS 

algorithm using the current set of measurements 

encoded in the GA’s chromosome. 

In the third step, the external system is replaced 

by its REI equivalent and a number of one or two 

PMU voltage measurements in the external system. 

The external system, minus the PMU buses, is 

considered using its single bus REI equivalent. Each 

bus with PMU measurements is also considered as a 

REI bus with known voltage (used as measurement in 

the WLS algorithm), so the whole external system is 

modeled with a number of buses equal to the number 

of PMU buses plus one more REI bus corresponding 

to the rest of the external system. The set of 

measurements used for estimation is updated with the 

values corresponding to the new added buses, and the 

measurements’ placement is chosen again using the 

above genetic algorithm. The measurements from the 

internal system, chosen by the previous GA run, are 

kept, and the new GA only searches the best 

placement for the supplemental power injection, 

voltage magnitude and phase measurements from the 

REI and PMU buses. 

As evaluated performance indices, the sum of 

absolute voltage magnitude, voltage angle, active 

power flows and reactive power flow deviations 

between the reference load flow case results and the 

WLS estimator results in the reduced system without 

and with the use of PMUs were considered. Namely, 

if the test system has N buses and M branches, dU1 is 

the sum of absolute differences of bus voltage 

magnitudes in the IPS between the reference case and 

the WLS estimation without using PMUs, 

 
And dU2 is the same, between the reference case and 

the WLS estimation when using PMUs and the REI 

equivalent for the SE, 

 
The performance index is 

 
A positive value means and improvement in 

estimation, thus a positive effect when using PMU 

measurements. In the same manner, 

 
For the active power flows, dQ for the reactive power 

flows and dang for the bus voltage angles were 

defined. 

 

6. Case study 

The IEEE 57 bus test system [10] was used to test 

the method’s performances. In order to divide 

properly the IPS and EPS, the original bus #1 was 

renumbered bus #58 and a new slack bus, bus #1, was 

added between buses #15 and #43. Then, the IPS and 

EPS were chosen as in Table 1. As contingency bus, 

#58, the former slack bus, was selected, where 424 

MW and 112 MVAr of power are produced. A 50% 

loss in generation was then simulated. In the 

estimation process, the reference load flow results 

were affected by a random 1-5 % noise, to simulate 

errors generated by equipment precision and the lack 

of measurements’ synchronicity. For the PMU buses, 

no error was considered. For the REI equivalents, 

originally built for the entire network without 

contingency, the value of the bus power injection to 

which the external node was assigned was updated to 

take into account the contingency, since this would be 

the only information available if a real contingency 

occurs. 

Table 1 - Areas from the IEEE 57 bus test system. 
External Power 

System 

Internal Power 

System 

Boundary 

buses 

2, 3, 4, 5, 6, 8, 

9, 10, 11, 12, 

13, 14, 16, 17, 

58 

1, 19, 20, 21, 22, 23, 24, 

25, 26, 27, 28, 29, 30, 31, 

32, 33, 34, 35, 36, 37, 38, 

39,40, 42, 44, 45, 47, 48, 

50, 52, 53, 54, 56, 57 

7, 15, 18, 

41, 43, 46, 

49, 51, 55 

 

Table 2 – The best estimation improvements in 

the IEEE 57 bus system when using one PMU in the 

external system 
 PMU 

in bus 

dP 

[MW] 

dQ 

[MVA] 

dU 

[p.u.] 

dang 

[rad] 
best dP 58 -0.2949 2.8841 0.0087 0.0068 

best dQ 12 -2.0032 4.4282 0.0132 -0.0039 

best dU 12 -2.0032 4.4282 0.0132 -0.0039 

best 

dang 

16 -1.9188 2.4061 -0.0001 0.0101 

 

Table 3 – The best estimation improvements in the 

IEEE 57 bus system when using two PMUs in the 

external system 
 PMU 

in bus 

dP 

[MW] 

dQ 

[MVA] 

dU 

[p.u.] 

dang 

[rad] 
best dP 6, 13 -1.0439 3.3475 -0.0191 0.0011 

best dQ 5, 58 -2.1995 4.1010 0.0029 0.0014 

best dU 4, 13 -3.4065 3.3631 0.0068 -0.0007 

best 

dang 

2, 9 -17.5809 3.1202 -0.0008 0.0074 

 

All possible combinations of placing 1 and 2 PMU 

measurements in the external system were tested. 

The PMU placements which maximize each of the 

four performance indices were determined. They are 

summarized in Tables 2 and 3. 

Tables 2 and 3 show that there is no optimal PMU 

placement that will improve all four performance 

indices and no configuration that could improve the 

estimation of the active power flows was found. 

However, the most significant improvements for 
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voltage magnitudes and reactive power flows are 

achieved when placing a single PMU unit in the 

external system, in bus 12. 

 

7. Conclusions 

The proposed method for improving the WLS 

state estimation does improve the estimation results 

when using a REI equivalent coupled with PMU 

voltage measurements for the external system. For the 

IEEE 57 bus test system, there is no optimal PMU 

placement that will achieve the best estimation for the 

bus voltages and branch power flows at the same 

time, and the best estimation improvements are 

achieved using one PMU unit in the external system. 
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ABSTRACT 

The goal of our paper is to present a mathematical model for the power grids’ graph 

optimization by one robustness approach of grids safety. The power networks, 

particularly the electric grids are vulnerable against events like natural disasters, 

intentioned attacks on several distributed elements of the grid: thus, the risk management 

of large grids must include procedures on measuring, analyzing and modifying the 

existent systems to be able to possess one appropriate robustness. 

Keywords: network robustness, random graphs, power grid, risk management 

 
 

86 

 



 

87 

 



 

 

 
88 

 



 

 

 
89 

 



 

The 4
th

 edition of the 

Interdisciplinarity in Engineering International Conference  

 “Petru Maior” University of Tîrgu Mureş, Romania, 2009 

 

 

 

 

 

 
 

OPTIMIZATION OF RELIABILITY CENTERED 

MAINTENANCE (RCM) BASED ON RENEWAL PROCESSES 
 

Dorin SARCHIZ#1, Daniel BUCUR#2, Dorin BICĂ#3 
#
Department of Electrical Engineering,”Petru Maior” University of Tîrgu Mureș 

1, N. Iorga Street, RO-54088 Tîrgu Mureș, Romania 
{1sarchiz, 2daniel.bucur,3dbica}upm.ro 

ABSTRACT 

A basic component of the power quality generally and energy supply in particular is the 

management of maintenance actions of electric transmission and distribution networks. 

Starting from this fact, the paper  

develops a mathematical model of external interventions upon a system henceforth called 

Renewal Processes. These are performed in order to re-establish system performances i. 

e. its availability. 

Keywords: power system, power quality, reliability optimization, reliability centered maintenance, Weibull 
distribution 
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ABSTRACT 

A self-learning based methodology for building the rule-base of a fuzzy logic controller 

(FLC) is presented and verified, aiming to engage intelligent characteristics to a fuzzy 

logic control systems. The methodology is a simplified version of those presented in today 

literature. Some aspects are intentionally ignored since it rarely appears in control 

system engineering and a SISO process is considered here. The fuzzy inference system 

obtained is a table-based Sugeno-Takagi type. System’s desired performance is defined 

by a reference model and rules are extracted from recorded data, after the correct control 

actions are learned. The presented algorithm is tested in constructing the rule-base of a 

fuzzy controller for a DC drive application. System’s performances and method’s viability 

are analyzed. 

Keywords: fuzzy control, iterative learning, fuzzy rule-base construction,  

fuzzy controllers design, DC drive control 

 
1. Introduction 

As often mentioned in literature today, there are at 

least four main sources for finding and/or fine tuning 

control rules of a fuzzy logic controller in a control 

application ([1] – [5]): 

 based on experience and/or control engineering 

knowledge; 

 based on an operator’s control actions (which 

are recorded and properly processed); 

 based on a fuzzy model of the plant (if 

available) or fuzzy identification; 

 based on complex intelligent techniques such as 

self-learning algorithms and neural networks. 

Practical implementations often use more than one 

of these sources in order to exploit their benefits and 

avoid usual difficulties. As an example, a self-

learning system can be used for designing the rule-

base of the FLC, which might be further improved by 

designer.  

Intelligent techniques (term derived from artificial 

intelligence) are meant to extract fuzzy rules from an 

automatic process of recording and processing data 

that somehow imitates human reasoning. One strategy 

for building a rule-base is by using a self-learning 

algorithm. Shortly, the concept of self-learning 

control system design can be described as follows. By 

introducing a reference model and employing an 

iterative learning scheme, the desired control actions 

are progressively learned by operating the system 

repeatedly. At the same time, the rule-base is formed 

by observing, recording and properly processing the 

learned actions which are used subsequently ([3], 

[6]). No expert or process model would be necessary 

and multiple sources of errors are avoided (such as 

model identification errors). 

It is important to note here that the self-learning 

process is similar to the learning process possessed by 

a human being [3]. 

 

2. Modified Sugeno-Takagi fuzzy reasoning 

A self-learning system needs to record a number 

of variables in a finite interval of time and process the 

recorded values in order to extract knowledge. 

It is considered very difficult to extract fuzzy rules 

from numerical data. Usually, this is because there is 

no clear relation between numbers (quantitative data) 

and the linguistic terms used by an expert (qualitative 

data). However, from an engineering control point of 
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view, it is possible to use a rule-base with rules 

having less linguistic meaning, but having the if-then 

statement form. This leads to a little change in the 

usual fuzzy reasoning scheme ([3], [7]): crisp values 

(which will be further named target values) instead of 

fuzzy sets are initially chosen over the universe of 

discourse for each variable, and a fuzzy set for close 

to linguistic term is used to engage a fuzzy inference 

mechanism (further described). The inference engine 

computes the output by comparing actual inputs with 

some already known values, for which have the 

correct outputs. This action is termed pattern 

matching, where patterns are the already known cases 

or target values. 

Let us consider a simple case: an input variable x  

and an output variable y , with crisp target values jx  

for input. We assume that for every input target value 

a correct, useful value jy  of output is known. Hence, 

for every input value jx , we can enounce a non-fuzzy 

rule with the if-then form: 

if jxx   then jyy   

The robust control objective requires that a system 

would not be extremely sensitive to small changes of 

some parameters or measured variables. Hence, it is 

reasonable to enounce the following fuzzy rule: 

if x  is close to jx  then y  is close to jy  

The close to term is usually defined by a fuzzy set 

usually defined by a triangular membership function 

around the target value. The parameters of the close 

to fuzzy set are chosen in order to fulfill completeness 

condition for a fuzzy rule-base. The close to fuzzy set 

actually produces the fuzziness and defines a norm to 

describe the distance between an actual value *x  and 

the targets jx  for which we know the correct action 

jy . The action *y , taken for *x , will be influenced 

by this norm. 

The small change in the fuzzy reasoning is not on 

the fuzzy inference itself, but on the way the input 

variables are treated: crisp values are chosen over the 

range, instead of fuzzy sets. Finally, the close to term 

produces fuzziness, but fuzzy sets are not clearly 

highlighted from the start (Figure 1 - notice that no 

fuzzy sets are depicted).  

Both the universe of discourse and the target 

 

 
 

Fig. 1 – A symbolic representation of the fuzzy inference 

mechanism. 

 

values for every variable can be chosen based on the 

recorded data from a learning stage. This will 

increase the system’s learning characteristic, which 

makes it more intelligent. In this case, a variable’s 

range can be chosen depending on the maximum 

recorded value for that variable. Afterwards, the 

adequate target values are chosen over the range. It is 

worth mentioned here that the simplest uniform 

distribution is satisfactory, yet could have no 

relevance in some control applications. Better 

performances in steady-state conditions require a 

more detailed analysis of error values close to zero. 

Hence, we consider that target values for the input 

variables must cover the range but should be denser 

in the close to zero regions. 

In conclusion, non-fuzzy relations between inputs 

and outputs, represented by recorded data, can be the 

basis for building fuzzy rules, and so for the modified 

reasoning scheme. 

 

3. Rule-base construction by self-learning 

When it comes to real implementations, the main 

advantages of fuzzy control should be considered, 

along with performances, even during design stage 

([1], [5]). An important and attractive characteristic of 

fuzzy control is that only little explicit knowledge 

regarding the process is needed while designing the 

controller. In other words, design should focus on 

building the rule-base and not on model 

identification. Hence, the main guidelines to be 

followed while designing the FLC would be ([3], [5]): 

(i) the control system should satisfy the desired 

performance and (ii) the required knowledge about 

the process should be kept as little as possible. 

The block diagram of the self-learning system 

used in this paper is shown in Figure 2. The overall 

system is composed of four functional modules: the 

reference model, the learning algorithm, the rule-base 

formation mechanism and the controlled process. 

 

3.1. Learning algorithm 

The concept of iterative self-learning was initially 

introduced in [6] and further treated from the 

theoretical viewpoint in a considerable amount of 

research papers ([8] – [10]).  

As its name implies, the correct control actions 

are learned and desired performance is progressively 

achieved by repeated trial in such a way that the 

modification of the present control is based on the 

error information obtained during previous trial. 

A reference model )(sGref  is used to designate 

the desired performance, defined by time domain 

indices such as overshoot (  ), settling time ( st ) and 

steady-state error ( ste ), or alternatively by desired 

pole position in the s-plane. The model can be a low-

order linear one, with its parameters obtained from 

given performance indices. The output of the model, 

refy , represent the desired process output.  
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Fig. 2 – Block diagram of the self-learning system 

 

The error information used to control the 

algorithm is the learning error, defined as: 

 )()()( sksrefsk iTyiTyiT  , (1) 

where k specifies the current iteration number of the 

algorithm and Ii ,0  is the sample number of all 

signals recorded with the sampling time sT . Notice 

that we have 1I  values for every recorded variable. 

The learning algorithm is called PID-type update 

law or error correction algorithm, and is defined by: 

 )()()( 11 skksksk iTgiTuiTu    (2) 

where kg  is a learning gain for current iteration. The 

control output is adjusted at every iteration, such that 

the learning error asymptotically tends to zero, or a 

pre-specified small value, max . The algorithm stops 

(at iteration k) if: 

 max

00

)()()(  


I

i

sk

I

i

sksk iTiTiT  (3) 

The convergence of the algorithm is proven in [3]. 

In the most simple case, learning gain is constant for 

every iteration, ggk  . A varying gain is possible 

for a better convergence speed control. 

 

3.2. Rule-base construction 

In this paper, the proposed method is a simplified 

version for a SISO process. Some aspects were 

intentionally ignored since they can be easily avoided 

or rarely appear in control system engineering. A 

detailed version is presented in [3] where a modified 

fuzzy reasoning scheme introduced in [7] is used, as 

it better accommodates the numerical data set 

recorded. Also, a practical, yet different, approach in 

designing a SISO learning fuzzy control system is 

presented in [11] for another classical problem.  

Suppose that, at the K-th learning iteration, the 

correct control action )( sK iTu  is learned so that the 

desired output response specified by the reference 

model is achieved. At the same time, the measured 

error or control error, defined as  

 )()()( sKssK iTyiTriTe  , (4) 

is recorded and we have two sets of data, one for 

control action and one for measured error, having 

1I  values. From )( sK iTe  data set we can obtain 

the values for the change-in-error: 

 )()()( ssKsKsK TiTeiTeiTce   (5) 

These values correspond to derivative error, 

needed for a PI or PD-like fuzzy controller. 

The three data vectors are organized into pairs: 

 )}({~)}();({ sKsKsK iTuiTceiTe , Ii ,0 . (6) 

where ~  means corresponding to. Notice that the 

iteration number is no longer needed: 

 }{~};{ iii ucee  (7a) 

The present 1I  groups are derived from a 

positive step reference, or positive command action. 

If the process’ output is symmetrical around zero 

when command action sign is reversed, expressed as: 

)()()()( ssss iTyiTuiTyiTu   

(which is most likely to be true), then another I  data 

pairs having the same absolute values but with 

opposite signs will be obtained: 

 }{~};{ iii ucee   (7b) 

The 12 I  pairs will be rearranged and processed 

according to the values };{ ii cee  in order to obtain J  

groups as follows. 

Let us consider the range of error variable as  

 maxmax EEe  ;  }max{max ieGEE  ,  

where GE  is an optional scaling factor, and a set of 

target values conveniently distributed over the range, 

with the step e , as: 

 maxJmaxJ EeeEe
ee

 ;...;0;...; 0 , (8a) 

with eee JJj ,  ( 12 eJ  target values).  

The same definitions are made for change-in-
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error variable: 

 limitlimit CECEce  ; , }max{max iceGCECE  , 

where GCE  is the optional scaling factor, and  

  
cece JJ cececece ;...;0;...; 0   , (8b) 

with ce  step and cecece JJj ,  ( 12 ceJ  target 

values). We consider all possible combinations of 

target values and we get )12)(12(  cee JJJ  

target pairs };{ jj cee .  

For every target pair, we propose that the correct 

assumed control action value should be a medium of 

jN  values for command action }{ iu , as: 

 




jN

i

iij
j

j uw
N

u

1

1
 (9) 

where 










cececeeee

cececeeee
w

jiji

jiji
ij ||or||,0

||and||,1
 (10) 

and jN  being the number of not null ijw  values. The 

weighting factor is reasonable since the pair };{ ii cee  

has a corresponding value iu  relevant to the 

proposed ju  if it is close enough to the target 

};{ jj cee . More, the pairs that are not close to the 

target are ignored. 

At this point, the J  groups can be described as: 

 }{~};{ jujceje , Jj ,1 , (11) 

and expressed as non-fuzzy rules: 

if jee   and jcece   then juu   

if e  is }{ je  and ce  is }{ jce  then u  is }{ ju  

As already proposed in section 2 of this paper, it 

is reasonable to state the fuzzy rules: 

if e  is close to }{ je  and ce  is close to }{ jce  then 

u  is close to }{ ju  

The close to term is usually defined by a fuzzy set 

having a triangular membership function around 

target value, which is introduced for je  as: 

 





















eee

eee
e

ee

eeeE
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j
E
jj

||,0

||,
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1

},;{:

 (12a) 

where e  is the distance between two consecutively 

values in the discrete universe of discourse chosen 

before. It is worth mentioned here that the width of 

these fuzzy sets is e2 , conveniently chosen to best 

fulfill the completeness requirement for the rule-base.  

The same reasoning is used for the other variable: 

 





















cecece

cecece
ce

cece

cececeCE

j

j
j

j
CE
jj

||,0

||,
||

1

},;{:

 (12b) 

For command action, we can build triangular 

fuzzy set as },;{: ujuu
U
jjU   for Mamdami fuzzy 

rules, or we can keep the crisp values for Sugeno-

Takagi fuzzy rules as }{ jujU  . 

The rules obtained would be: 

:jR  if e  is jE  and ce  is jCE  then u  is jU  

 (Mamdami), or 

:jR  if e  is jE  and ce  is jCE  then juu   

 (Sugeno-Takagi). 

Several important aspects must be mentioned 

here. First, a scaling process is theoretically optional 

but might be required by the actual implementation of 

the fuzzy controller. The universe of discourse should 

best use the resources of the numerical device used 

for implementation. Second, the number of fuzzy 

rules depends on the number of target pairs. A large 

number of fuzzy rules imply a more complex and 

slower implementation, which can result in an 

unstable control system. Hence, a larger number of 

target values does not lead to better results, although 

it appears so. 

Finally, an important observation must be noted. 

The procedure is meant to find the fuzzy rules of the 

controller. Choosing the learning gains, the scaling 

gains, the target values distribution and the reference 

model are still designer’s task and his experience is 

most relevant. 

 

4. Constructing a rule-base by self-learning 

for a DC drive fuzzy control application 

The process subjected to the presented self-

learning fuzzy control system in our experiment is a 

DC drive. The main reason is that this application is 

simple and wide spread, and so it is easy to trustfully 

verify the algorithm by comparing the results with 

some already known. The DC drive model is not 

relevant, as this is one of the reasons for self-learning 

design strategy. Hence, the experiment does not 

include identification or parameter estimation stage. 

The learning scheme (in Figure 2) is implemented 

using a software application (WinFact/BORIS) that 

enables both data acquisition and real-time processing 

(Figure 3). 
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Fig. 3 – Symbolic representation of the experiment. 

 

The data acquisition is realized with a 

ProfiCASSY device connected to a computer through 

the USB port ([12]). The drive is powered at 24[V] 

DC voltage, and it produces 3000[rpm] for a 10[V] 

DC command voltage applied on power amplifier. 

The speed sensor generates 1[V] signal for 1000[rpm] 

speed. An additional scaling factor of 10/3 is used to 

adjust sensor’s voltage to the [-10; +10][V] reference 

range, so the maximum speed will correspond to the 

maximum command signal.  

The following settings were chosen: 

 reference signal is: )(15)( ttr  ; 

 reference model is a first order element with no 

time delay )1/()(  sTKsG refrefref , having 

1refK  and 1refT ; 

 learning gain is constant and arbitrarily chosen 

1 ggk  (further investigations about its 

effect on the learning speed and performance 

are to be done; this value was experimentally 

verified); 

 learning error value to stop iterative learning 

algorithm is 5.0max   (which can be replaced 

by a maximum iteration number k  as in [3]); 

 scaling factors for the range of each variable, 

that multiplies the maximum recorded values 

are neglected, or 1,, GUGCEGC , since 

recorded values are already scaled to [-10; 

+10][V] range; 

 there are 7 target values for error variable and 3 

for change-in-error variable, uniformly chosen 

over the universe of discourse; 

 the sampling time for acquisition ][1.0 sTs  . 

With these settings, a self-learning stage was 

performed.  

The IAE criterion exponentially tends to zero, as 

expected (see Figure 4). It reaches the stop condition 

(3) at the 10
th

 iteration ( 10K ): 

483.0)(
10


Kksk iT . 

The now available values for error and command 

(Figure 5) are used to extract fuzzy rules, by running 

a custom made Matlab program. Notice in Figure 5 

that only partial information is available since it is 

impossible to reach all possible combinations of 

target values (8a, 8b).  

 
 

Fig. 4 – The learning error criterion value. 

 

 
 

Fig. 5 – Values for error, change in error and command 

when self-learning stops. 

 

With these data, an incomplete rule-base would be 

formed, that is not satisfactory. To avoid that, the 

rule-base construction stage has two steps. First it 

extracts fuzzy rules from available data (7a) and from 

the inverse values of them (7b). Second, it considers 

supplementary fuzzy rules so that the rules table will 

be symmetrical around the zero values of each input 

variable (or around the middle cell in the table). Rules 

are presented in Table 1, where the marked cells are 

filled in the second step (notice there are only two 

cells). 

 
Table 1 – The table of extracted fuzzy rules. 

           ce  

e  -10 0 10 

-4.98 -8.1823 -6.9409 -6.5448 

-3.32 -5.4411 * -5.4411 -5.4411 

-1.66 -0.0204 -2.3783 -5.3949 

0 -0.0150 4.7808 0.0150 

1.66 5.3949 5.2157 5.4628 

3.32 5.4411 5.4411 5.4411 * 

4.98 6.5448 6.9409 8.1823 

 

Subsequently, the rule-base was verified by using 

again WinFact/BORIS environment, which provides 

a powerful tool to run real-time tests and analyze 
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fuzzy control systems. The results are satisfactory and 

very close to the reference model (see Figure 6): 

 

 DC drive speed varies around reference 

(constant value corresponding to half the drive’s 

maximum speed), within a reasonable %1  

stability range; steady-state error is zero; 

 raising time is approximately equal to the value 

for the considered reference model (actually, we 

obtained a slightly lower value); 

 as expected, no overshoot is recorded. 

 

 
Fig. 6 – The step response of the designed control system 

and the reference model. 

 

5. Conclusions 

A simplified self-learning based methodology for 

building the rule-base of a fuzzy logic controller 

(FLC) was presented and verified, aiming to engage 

intelligent characteristics to a fuzzy logic control 

systems. The process subjected to control is a DC 

drive, a single input single output system that leads to 

the main simplification in the general algorithm. 

System’s desired performance is defined by a 

reference model and rules are extracted from recorded 

data, after the correct control actions are learned. The 

DC drive is used because of the huge number of 

successful applications, which assures a reasonable 

and trustful verification of the presented algorithm. 

A custom Matlab code was used to process 

recorded data and the fuzzy controller was tested in 

real-time by using again the WinFact/BORIS 

environment. The designed system has satisfactory 

behavior that proves method’s viability. 

An important aspect to mention here is that design 

guidelines were followed and fuzzy control 

advantages were achieved. The control system has 

satisfactory performance and the controller was built 

without any information about the process (model, 

experience, parameters etc.). 
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ABSTRACT 

The Kalman filters have been widely used for mobile robot navigation and system 

integration. So that it may operate autonomously, a mobile robot must know where it is. 

Accurate localization is a key prerequisite for successful navigation in large-scale 

environments, particularly when global models are used, such as maps, drawings, 

topological descriptions, and CAD models. The objective of this paper is to implement the 

Kalman filter (KF) and the extended Kalman Filter (EKF) for determining the position of 

a mobile robot. Based on the results of the study, from the figures can be seen that despite 

of the errors present in measurements, the filters can perform quite well in estimating, the 

robot's true position. 

Keywords: network robustness, random graphs, power grid, risk management 
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Abstract 

When the technological installation and the corresponding control elements are 

complicated or are like a black box, is difficult to identify the equivalent mathematical 

model. For these situation is indicated the use of a method which allow on-line or off-line 

identification of process model. There are different identification methods or approaches. 

Such approach is that which uses the neural nets. In this paper is presented the design and 

the implementations of the neural blocks (the controller and the inverse model of process) 

implied in the control of a lighting process. The automatic lighting control system (ALCS) 

attempt to maintain constant the illuminance at the desired level on working plane even if 

the daylight contribution is variable. Because the applied control structure needs the 

inverse model of process and the mathematical model of process is unknown it was used 

other artificial neural network (ANN) which identify the inverse model of process in an on-

line manner. In fact, this ANN identifies the inverse model of process + the perturbation 

signal. In this way the learning signal for neural controller has a better accuracy for the 

present application. 

 

Key words: artificial neural network, on-line training, inverse process model, daylight, automatic lighting control 

system 

 
 

1. Introduction 

The development of intelligent control systems 

energizes the technology integration of several 

disciplines. The techniques include artificial 

intelligent and expert systems, operations research, 

mathematics, fuzzy logic and neural networks. With 

the application of more and more powerful but 

complicated devices to make high quality products, 

the demand for control is enhanced accordingly. The 

intelligent control framework is formulated to help 

deal with the complex nonlinear and time variant 

systems that are not easy to be handled by either the 

traditional control techniques or a simple combination 

of them. [9] Artificial neural networks have been 

applied very successfully in the identification [12], 

[13], and control [2], [10] of dynamic systems. The 

universal approximation capabilities of the multilayer 

perceptron make it a popular choice for modeling 

nonlinear systems and for implementing general-

purpose nonlinear controllers. [1], [3], [5], [7], [11] 

The multi layer perceptron networks are also know as 

multi layer feedforward artificial neural networks 

(FANN). The general structure of a FANN is 

presented in fig. 1. 

 

 
Fig. 1. General structure of a feedforward artificial neural 

network [6] 

 

As it can see in fig. 1 a FANN has an input layer 

one or many hidden layer of artificial neurons and 

one output layer of artificial neurons. The input layer 

does not consist of artificial neurons. The nodes of 

this layer are used just for distributions of the signals, 
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which are perceived at the inputs, to the first hidden 

layer. The signals flow through the FANN in one 

direction, from the input layer to the output layer 

through the hidden layer/layers. 

The configuration widely used for an artificial 

neurons is presented in fig. 2, where i (i = 1…n) and 

 represent the weights of the neuron,  represent the 

input function of the neuron which is the weighted 

sum of the inputs, F is activation function and a 

represent the activation of the neuron. 

 

 
Fig. 2. A configuration for an artificial neuron [6] 

 

2. The ALCS block diagram and the 

experimental stand 

In fig. 3 is presented the block diagram of the 

ALCS where, are denoted with: Edesired – the desired 

illuminance on the working plane; Emeasured – the 

measured illuminance on working plane; Ereal – the 

illuminance on the working plane; Edaylight – the 

daylight illuminance on working plane; Eelectric – the 

illuminance on working plane due to electric light;  - 

control error;  - change in control error; U – control 

action.[5] 

 

 
Fig. 3. Block diagram of the ALCS [5] 

 

The neural controller is implemented as position 

type. The controller, based on the values of  (control 

error – the difference between Edesired and Emeasured) 

and  (change in control error - the difference 

between current control error and anterior control 

error) will generate the control action denoted by U. 

The control action U will be applied to the process, in 

the purpose to maintain the illuminance in working 

plane close to the desired illuminance Edesired. At step 

k the FANN of controller is trained using the values 

of (k-1), (k-1) and UIM(k), where UIM is the 

command generate when apply to the FANN of 

inverse model the current and the last two values of 

desired illuminance . At step k the ANN of inverse 

model is trained using the values of U(k) and 

Emeasured(k), Emeasured (k-1), Emeasured(k-2).[5] 

In fig. 4 is presented the experimental stand which 

is composed by: (1) calculation equipment (IBM 

compatible, PIII, 433MHz, 64Mb RAM computer), 

(2) execution element (accomplished with two 

modules produced by Tridonic company: DSI-A/D 

converter, digital ballast PCA 2/36 EXCEL ) 

introduced in the lighting body, (3) the technological 

installation based on two 36W fluorescent lamps, (4) 

light sensor (multifunctional LRI 8133/10 sensor 

produced by Phillips), (5) data acquisition board with 

two 8-byte conversion channels (an A/D channel, a 

D/A channel).[6], [7] 

 

 
Fig. 4. The exeprimental stand [6], [7] 

 

3. Experimental results 

The neural controller consists of a FANN with 

one hidden layer of artificial neurons. The input layer 

has two nodes, the number of neurons from the 

hidden layer is variable, and the output layer has one 

neuron. The input function, for all neurons, is the 

weighted sum of the inputs (of neuron). The 

activation function of the neurons from the hidden 

layer is the hyperbolic tangent [5] function also 

knows as bipolar sigmoid 2 [4] function. The 

activation function of the neuron from the output 

layer is the linear [4], [5] function. 

The neural inverse model were implemented with 

FANNs with a similar structure as the neural 

controller, the only difference is given by the number 

of the nodes from the input layer, which are set to 

three nodes and the numbers of neurons from the 

hidden layer is set to three. 

Both FANNs are trained on-line using the back-

propagation training rule. The learning rate for neural 

inverse model is set to  = 0.15 and for the neural 

controller is set to different values, depends on the 

type of the experimentation. 

The universes of discourse of Edesired and Emeasured 

are fixed to the interval of integers [0 ; 255] (lxd8bv), 

due to the 8 bits A/D and D/A converters. The inputs 

and the output of ANNs are scaled [8], which implies 

the conversions of the universes of discourse of the 

Edesired and Emeasured variables in the intervals [-1 ; 1]. 

The output values of the FANN of controller was 

limited to the interval [-1 ; 1] (the values greater as 1 

or smaller as –1 became 1 or -1). These values are 

converted in values from the interval [0 ; 255] (Vd8bv), 
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which represents the universe of discourse of the U 

variable of the neural controller and of the inverse 

model.[5]  

The meaning of abbreviation d8bv, used in figures 

from this section, is “digital 8 bits value”. The value 

100 lxd8bv represents the equivalent value obtained by 

conversion with 8 bits A/D converter of the 500 lx, 

which represents the illuminance on working plane 

measured by an analog luxmeter. The value 127 Vd8bv 

represents, by conversion with 8 bits D/A converter, 

the equivalent for a d.c. voltage with value 5Vdc. [4], 

[5], [6] 

In all experiments from this paper the desired 

illuminance has set to Edesired = 100 lxd8bv. 

In fig. 5 is presented the step response family of 

the ALCS when the learning rate of the neural 

controller is variable. As it can see in fig. 5 the 

increase of the learning rate of the neural controller 

produce a reducing of the transient response period. 

The sampling time is set to 55ms and the neural 

controller has one neuron in the hidden layer. 

 

 
Fig. 5. Step response family (learning rate is variable) 

 

In figures 6, 7 and 8 are presented the step 

responses of the ALCS using different values for 

sampling rate and the neural controller has one 

neuron in the hidden layer and the learning rate is set 

to 0.99. 
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Fig. 6. Step response of the ALCS (sampling time=0.11s) 

 

Sampling time = 0.165 s

0

20

40

60

80

100

120

0

1
2
.7

2
5
.4

3
8
.1

5
0
.8

6
3
.5

7
6
.2

8
8
.9

1
0
2

1
1
4

1
2
7

1
4
0

1
5
2

1
6
5

1
7
8

1
9
1

2
0
3

2
1
6

2
2
9

2
4
1

2
5
4

2
6
7

2
8
0

time [s]

E
 [

lx
_
d

8
b

v
]

 

Fig. 7. Step response of the ALCS (sampling time=0.165s) 
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Fig. 8. Step response of the ALCS (sampling time=0.22s) 

 

As it can see from fig. 6, fig. 7 and fig. 8 the 

increase of the sampling time produces a decrease of 

the transient response period. 

In fig. 9, fig.10, fig. 11 and fig. 12 is presented the 

behavior of the ALCS when the illuminance on the 

working plane is disturbed by the user. The 

perturbation of illuminance on working plane is 

achieved in the following manner: first, is covering a 

part of the window of the laboratory where is situated 

the experimental stand; second, the experimental 

stand is powered on and wait until the desired level of 

illuminance on working plane is achieved; third, is 

uncover very fast the covered area of the windows 

and wait until the desired level of illuminance on 

working plane is achieved again; finally, is covering 

back the desired area of the window and wait until the 

desired illuminance is achieved on working plane. If 

in all these steps the desired illuminace is achieved 

the ALCS is considered stable. 

In fig. 9a is presented the behavior of the ALCS 

under perturbation condition and in fig. 9b is 

presented the corresponding command trajectory; the 

neural controller has two neurons in the hidden layer 

and the learning rate is set to 0.8. 
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b) 

Fig. 9. The behavior of the ALCS under perturbation 

conditions (learning rate = 0.8, two neurons in the hidden 

layer of the neural controller): a) desired and measured 

illuminance trajectories; b) command trajectory 
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In fig. 10a is presented the behavior of the ALCS 

under perturbation condition and in fig. 10b is 

presented the corresponding command trajectory; the 

neural controller has three neurons in the hidden layer 

and the learning rate is set to 0.8. 
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b) 

Fig. 10. The behavior of the ALCS under perturbation 

conditions (learning rate = 0.8, three neurons in the hidden 

layer of the neural controller): a) desired and measured 

illuminance trajectories; b) command trajectory 

 

In fig. 11 is presented the behavior of the ALCS 

under perturbation condition and in fig. 11b is 

presented the corresponding command trajectory; the 

neural controller has four neurons in the hidden layer 

and the learning rate is set to 0.5. 
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b) 

Fig. 11. The behavior of the ALCS under perturbation 

conditions (learning rate = 0.5, four neurons in the hidden 

layer of the neural controller): a) desired and measured 

illuminance trajectories; b) command trajectory 

 

In fig. 12a is presented the behavior of the ALCS 

under perturbation condition and in fig. 12b is 

presented the corresponding command trajectory; the 

neural controller has five neurons in the hidden layer 

and the learning rate is set to 0.5. 
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b) 

Fig. 12. The behavior of the ALCS under perturbation 

conditions (learning rate = 0.5, five neurons in the hidden 

layer of the neural controller): a) desired and measured 

illuminance trajectories; b) command trajectory 

 

As it can see in fig. 9, fig. 10, fig. 11 and fig. 12 

the ALCS is stable in all situations. 

 

4. Conclusions 

The control structure applied to a real lighting 

process and presented in this paper represents the 

continuations of the theoretical and simulated studies 

start by the first author in [5]. The control structure 

needs the inverse model of the process. Because the 

mathematical model of the process is unknown it was 

used an artificial neural network trained on-line to 

reproduce the inverse model of the process. In this 

way, the designer of the control scheme does not need 

any a priori information about the model of the 

lighting process. Also, the authors don’t use the 

tuning the controller via the universe of discourse 

likes in [6]. Because the used learning algorithm is 

slowly the ALCS has a slowly response to the 

variations of the illuminance due to the daylight 

variation this type of ALCS is recommended just for 

the applications where the human users wants to feel 

the daylight changes.  
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ABSTRACT 

Maintaining the desired state of a process can be achieved by constant keeping the values 

of prescribed variables such as: flows, pressures, levels, temperatures, concentrations, 

which requires the design and implementation of automatic systems for each of them. The 

paper presents an automatic system using cascade structure, designed to control the 

temperature of the chemical urea in the stage of storage. For this process the time-

domain mathematical models and transfer functions are deducted. The tuning parameters 

for discrete controllers are determined based on R-S-T structure. To simulate the system 

operation, the facilities offered by Matlab-Simulink are used.  

Keywords: mathematical modelling, discrete process, control engineering, digital controllers,                    

systems stability 

 
1. Introduction to digital control 

It is considered a discrete process (with DAC, 

ZOH, continuous process, ADC components) 

characterized by the discrete transfer function [2,4,]: 
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The corresponding canonical structure of the 

numerical controllers (with 3 arms R-S-T type) is 

shown in Figure 1 [5,6,7,8,10,12,13].  

For this, it can be highlights the discrete transfer 

function: 

 

 
Fig. 1 - The canonical structure R-S-T of the discrete 

controller 
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respectively:  
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The transfer functions in open and closed loop 

have the following forms: 
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where the polynomial form: 

...1)( 2
2

1
1

1   zpzpzP   (8) 

defines the poles of the closed loop system. 

The objective of controller synthesis consists in 

determining the numerical values of R, S and T 

parameters, that will produce a transfer function in 

closed loop, with respect to the reference and 
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disturbance, which satisfies the performance 

requirements [6,7,8]. 

The performances in closed loop control will be 

expressed using the poles placement method and the 

coefficients of the )( 1zP . The coefficient for the   

R-S-T controller will be determined having 21, pp  

and solving the following equations: 
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Coefficients  ,  are determined from relations: 
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where T is the sampling time. 

Arranging the terms by powers of 1z , and 

identifying the corresponding terms results a system 

of equations whose solutions represent the numerical 

coefficients of the controller. 

 

2. Presentation of the process. Mathematical 

modelling 

The technological process, in stage of production - 

storage of urea, from Azomureş platform, consists of 

a heat exchanger SC and a storage vessel V. Heat 

exchanger is supplied with a product at temperature 

T1, by pump P1, with a constant flow. From SC the 

product comes with a temperature T2 and enters into 

the storage vessel, where, by free fall eliminates the 

water vapours, resulting a high purity product. The 

thermal agent in use is steam, with variable flow. The 

cascade automation scheme maintain product 

temperature T3 to the reference value, by controlling 

the flow of thermal agent (Figure 2) [1,3,14,15]. 

Neglecting the heat losses through insulation, 

mathematical model of the heat exchanger, in a 

dynamic regime, is based on a heat balance equation 

which takes into account the values:  

 

 
Fig. 2 - The technological process 

 

1p - product density at the input; 1pF - product flow 

at the input; 1pc - product specific heat at the input; 

1T - product temperature at the input; 1aF - steam flow 

at the input; 1ah - steam enthalpy at the input; 2p - 

product density at the output; 2pF - product flow at 

the output; 2pc - product specific heat at the output;    

2T - product temperature at the output; 2aF - steam 

flow at the output; 2ah - steam enthalpy at the output; 

2M - product mass from heat exchanger. 

Considering the steam flow )(tFa  as the input 

signal of the process and temperature )(2 tT  as the 

output signal of the process, the input-output 

mathematical model is given by relation (12): 
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respectively, the transfer function is: 
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 - time constant of 

the process. 

Neglecting the heat losses through walls and 

losses due to vapours, transient-state form of the heat 

balance equation for the storage vessel has the form: 
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where: 3p - product density at the output; 

3pF - product flow at the output; 

3pc - product specific heat at the output; 

3T - product temperature at the output; 

3M - product mass from vessel.  

Considering as the input signal the temperature 

2T , and as output signal the temperature 3T , the 

transfer function has the form: 
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 - time constant of 

the process. 

 

3. Determining the discrete control structures  

Transfer function of the continuous process 

(internal loop) has the following form: 
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respectively, the discrete form (using ZOH): 
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The discrete controller in the canonical form      

R-S-T is described by the polynomial form (3), (4), 

and the closed loop transfer function is described by 

the relationship (7). 

For the construction of the polynomial form 

 1zP  (8), is considered sec5.2 radn   and 

9.0 . These parameters lead to the following 

coefficients: 0.6376-1.5876; 21  pp . 

The system of equations with the R, S, T 

coefficients is obtained using the term by term 

identifying method: 21111101 ;1 parbpbra  ,  

which gives the terms:  

;9792,642
1

1

11
0 




b

ap
r

0185,565
1

12
1 




b

ap
r . 

The scheme from Figure 3 allows the simulation 

of the system behaviour [4,9,11]. 

For the parameter 11 s  from (4), it shows an 

20% overshoot, which can be reduced significantly if 

the value 1s  decreases (Figure 4). Thus, for 9,01 s  

the result is %4 . 

Based on the closed loop transfer function (18), is 

obtain the response shown in Figure 5. 
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For the external loop, from relationship (15), is 

obtained the discrete form: 
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respectively: 

 

 
Fig. 3 - Simulation scheme of the internal loop with  

R-S-T discrete controller 

 
Fig. 4 - The internal loop responses for different values 

of parameter 1s  

 

 
Fig. 5 - The discrete internal loop response 

 

For the external loop is proposed a controller with 

the form (3), described by the equations: 
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The closed loop transfer function is: 
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where:  
2

22
1

21
1

2 1)(   zpzpzP   (23) 

With performance parameters 3n rad/sec., 

9.0  and the sampling time 1.0T  sec., the 

following values are obtained: 

0.5828-1.5138; 2221  pp . 

The closed loop response to step input is shown in 

Figure 6 and highlights a 5.5% overshoot. 

 

 
Fig. 6 - The system response to step input 
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From relations (22), (23), through term by term 

identification is obtained: 
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The polynomial form of the controller (21) and 

the closed loop transfer function (22), using the 

calculated values: ;4.4990;9472.0 2021  rs  

;5636.98;6.2921 2221  rr 023 r ; are: 
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4. Conclusions 

The presented system reproduces real equipments, 

existing on chemical platform Azomureş, urea plant. 

Starting from input-output mathematical models, the 

discrete structures RST type are proposed, which 

ensure the required performances. The simulations 

and the studies of different types of control, with 

different values of the tuning parameters are 

performed using Matlab-Simulink [9]. 

In the presence of disturbances acting on the 

controlled output, the aim is to cancel its effect, at 

least in certain frequency bands. In particular, the 

effect of a constant step disturbance (load 

disturbance) must be zero in stationary regime 

[1,3,14,15]. 

The discrete transfer function between disturbance 

and output defines the disturbance-output sensitivity 

and characterizes the system performance in relation 

to disturbances. To create a perfect rejection in 

stationary regime, the condition     011 
ypyp SzS  

must be verified, which implies   01 A , respectively 

the presence of an integrator on direct path. 

Similarly, the disturbance-input sensitivity 

 1zSup  was defined, which allows the study of the 

influence of the disturbances on the process input and 

establishes the structure for  1zR . The noise-output 

sensitivity  1zS yb , equal to the noise-input 

sensitivity  1zSub  was defined in the presence of 

the noise  tb  [6,7,8]. The three functions allow the 

analysis of the stability and the robustness of the 

closed loop system. Based on the Nyquist criteria, the 

closed loop system is asymptotic stable, if all the 

zeros of the inverse sensitivity function  11  zS yp  are 

inside the unit circle.  

Similarly to the continuous systems case, the 

robustness for the closed loop system to the variations 

of parameters (parametric uncertainty) was defined. 
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ABSTRACT 

In various industrial processes, in which a transfer of heat is necessary, using overheated 

water and steam involves high costs of the operating systems, water treatment systems, 

control instruments, investments and maintenance. Using the thermal systems with heat 

exchangers with thermal fluid are viable alternatives and solutions to achieve high 

temperatures at low operating pressures. The paper presents the complex heat system 

from S.C. “Prolemn” S.A. Reghin, with oil heat exchanger and the chosen control 

solutions. 

Keywords: thermal system, steam generator, control engineering, SCADA system, client-server. 

 
1. Overview of thermal system 

Thermal system is built around the boiler with 

heat fluid, with closed-circuit oil (Figure 1), and 

steam generator (Figure 2) [5,11]. 

 

Thermal system should provide the thermal 

energy necessary for processes of wood, obtaining 

wood fibrous in the drying room, heating air for 

drying the fibrous, pressing and/or union plate at 

desired thickness, under pressure. 

 
Fig. 1 - Boiler circuit 
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Fig. 2 - Steam generator circuit 

 

Features of the thermal system are: thermal oil 

heater 2 x 7,000,000 kcal/h, 300˚C, the steam 

generator 1 x 12,000 kg/h, 14 bar; power grid in the 

scale 2 x 4000 kg/h, 15 sqm, > 1000˚C, fans 2 x 

24,500 m
3
/h and 2 x 15,000 m

3
/h, air heaters 2 x 290 

sqm [5,11,12]. 

 

2. Control loops 

The main control loops for boiler, steam generator 

and degasifier tank are [5,6,8,9,13]: 

 Control loop for the vacuum pressure in boiler 

To obtain the optimal fuel combustion, inside of 

the combustion chamber a vacuum of (-15 ... -25) 

mmH2O must be assured. At the same time, to control 

the oil temperature, cold air from air-economizer is 

introduced with fan, so the vacuum pressure is 

modified. 

Desired vacuum pressure is set by the computer 

operator. Real vacuum pressure is measured with the 

instrument PI and is controlled using the fan speed. 

The fan speed is controlled by the frequency 

converter. PIC control loop processes the reference 

and the real signal by a PID control law and provide 

the command signal to the frequency converter. 

 Control loop for the oil temperature in boiler 

For the combustion, the combustion chamber 

requires air (oxygen). The air flow and the fan air 

speed are controlled depending on the hot oil 

temperature, at the exit of the combustion chamber. 

The PID control loop processes the reference, set 

by the computer operator, and the real value read 

from a temperature sensor TI (PT-100, mounted on 

the pipeline of hot oil) and commands the frequency 

converter of the fan air. 

 Control loop for the water level in steam 

generator 

For the technological process, the steam generator 

produce 12,000 kg/h steam, at 12 bar pressure using a 

heat exchanger with hot oil. Oil temperature entering 

in the generator is about 300˚C and supply water 

temperature is 95˚C. The water level in the generator 

(the reference) is established to 80% and may not fall 

below winding. Actual water level is measured with a 

capacitive transducer (LI). The LIC controller 

processes the difference between the two signals with 

a PID law and controls the 2-way proportional valve. 

 Control loop for the steam pressure in steam 

generator 

The pressure reference from the generator is 

determined by the computer operator and is compared 

with the actual pressure measured by PI transducer. 

The pressure controller PIC processes the error by 

a PID law and commands the 3-way proportional 

valve, which controls the oil flow in the winding. 

The loop responses of level control and pressure 

control are presented in Figures 3 and 4.  

For desired performance, the steam generator 

needs heated water, which is obtained in degasifier 

tank, using steam. The process requires two control 

loops, namely the water level and water temperature 

in degasifier tank. The water level in degasifer tank 

must be maintained at about (70 ... 80)% (Figure 5).  

134 

 



 

 

 

 

 
Fig. 3 - The response of level control loop (2-way valve PCV1) 

 

 
Fig. 4 - The response of pressure control loop (3-way valve PCV1) 

 

 
Fig. 5 - The response of water level control loop (LCV1, degasifier tank)  
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To eliminate the variation of water level is 

introduced a PID control loop, which commands a   

2-way proportional valve, located on the flow of 

water supply. 

 

3. SCADA command system 

Transfer function of the continuous process 

(internal loop) has the following form: 

SCADA system has a Client – Server architecture, 

based on [3,4,14,15]: 

 Server, connected to the field elements (process) 

through programmable devices (PLC). It is 

responsible for all the data collected from the 

process, the database construction, communication 

with the PLC on the process using the 

communication drivers; 

 Client, connected to the server, use the data and 

ensures communication with the human operator. 

The server and clients are connected to Ethernet.  

SCADA system provides: 

 Control, may be read/write/modify any parameter 

of the process (with password); 

 Viewing the graphical screens, synoptically 

schemes; 

 Managing alarms on levels of priority. These can 

be confirmed, deleted, archived, modified (for 

example, can automatically send a predefined e-

mail); 

 Database and multiple on-line access to the 

database of the server; 

 Action calendar, i.e. the definition and execution of 

actions according to time; 

 Recipes, creating and load to/from the PLC, groups 

of setting points; 

 Report manager, creating and generating reports 

based on the process values;  

 Trends:  

- multiple graphics in the same screen, 

depending on the time or XY type graphs;  

- unlimited number of lines in the same graph;  

- set colours, styles, configurable legends;  

- representation of data in real time or from the 

database.  

SCADA system has a computer operator, which 

communicates with the server [1,2,7,10]. The server 

reads data from the PLC and PC-OS (Operator 

Station) take the data from Server. To OS computer, 

the operator has limited access. For programming 

(check faults, software changes) there is another 

computer connected directly to PLC. The access to it 

is restricted to the authorized person.  

In Figures 6 is presented SCADA pages for steam 

generator from the thermal plant. For each page the 

operator can control: stop-start engines, change speed 

if there is the frequency converter, on-off position of 

valves, proportional valves, reading and posting on-

line values of currents, temperatures, flows, and 

pressures on each pipeline process, reset alarms. 

Engineering and programming system use the 

Siemens STEP 7 software [16]. This software use 

multiple programming languages (LAD, STL, SCL, 

CFC, C++). For PLC programming was used CFC - 

Continuous Function Chart, which provides a 

graphical interface easy to programme.  

 

 
Fig. 6 - SCADA page for steam generator 
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4. Conclusions 

Therefore, thermal fluid systems are an alternative 

and a convenient solution to achieve high 

temperatures at very low pressures of operation, for 

multiple heat users from the same system.  

Advantages of thermal fluid boilers: 

 generating heat in one point, for equipments using 

multiple energy sources; 

 high temperatures obtained at atmospheric 

pressure; 

 lack of data problems due to condensation and 

corrosion; 

 it is not necessary to treat water; 

 easily of operation and maintenance; 

 the possibility of steam generation by combining 

with a steam generator. 

Built by Client – Server architecture, from a 

computer, SCADA system can be expanded from one 

node to a complex network, which monitors all the 

industrial process, with the following advantages: 

 fully functional control of the process monitored; 

 sensitive increase of productivity;  

 security, robustness; 

 minimum effort and expense of operation; 

 possibility to extend the Web technology in order to 

view the process through Internet. 
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ABSTRACT 

The electron beam material processing is an important nonconventional technique which 

has many time varying parameters. An important part of the equipment for the quality of 

the material processing is the directing system of the electron beam because it modifies 

the beam diameter, focus distance and beam penetrations in the material. The paper 

presents the study of the focusing and deflecting systems, the models and the simulations 

of these components for the electron beam equipment CTW 5/60. After some 

simplifications, the focusing model obtained is nonlinear and the deflecting model is 

considered linear on small angles. The simulations shown in the paper are made using 

Matlab environment. 

Keywords: electron beam processing, focusing system, deflecting system, modeling and simulations 

 
1. Introduction 

The CTW 5/60 is an electron beam equipment 

(EBP) used in high quality material processing as 

welding, cutting and thermal surface treatment 

process. This type of non-conventional technique 

solves great topical problems in industrial 

manufacturing, wherever conventional techniques 

proved to be inefficient. In fact, electron beam and 

laser are the only ways of delivering large amounts of 

concentrated thermal energy to materials (maximum 

10
8
 W/cm

2
). 

Electron beam material processing involves many 

complex phenomenon like the electrons generation, 

beam forming and transport, heat absorption in the 

workpiece, but the special electron beams properties 

like high resolution, long depth of field attainable, 

high power energy density make it very useful in 

material handling [1],[2].  

Nuclear technologies, microelectronics, 

aeronautics are some examples where these kinds of 

equipments are used. 

The CTW 5/60 is multivariable equipment which 

makes the modeling process a difficult task to solve. 

The heat absorption, the penetrations of the electrons 

in metal, focusing of beam are some of the 

complicated problems provided by the study of the 

equipment. Also, the examination of the electron 

gun’s variable is very difficult due the nature of the 

process. These reasons are sufficient to look after 

modern control strategies as in [3]. After these 

methods have been found, an important stage prior to 

their implementation is modeling and simulation. 

The quality of the processing and the technical 

demands depend on the electron beam equipment 

variables such as electron beam current, accelerating 

voltage, focusing distance, electron beam speed, 

deflections in the Ox and Oy directions, electron 

beam diameter, focusing coil current and deflection 

coil current, electrons emission, vacuum in the work 

chamber or electron beam gun, electromagnetic 

fields, X radiation, material properties [1],[4],[5],[9]. 

In this paper we considered that some of the 

variables are constants (main processing parameters: 

power, accelerating voltage and working distance) 

and the desired performances are obtained with a 

precise heating effect of the material which depends 

on the position of the electron beam spot. So, the 

directing parts of the electron beam equipment used 

in this case are the magnetic focusing and deflecting 

components [6]. 

Figure 1 shows the electron beam equipment 

CTW 5/60 without digital interfaces, drivers and 

central unit.  

The main parts of the equipment are the triode 
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gun and the vacuum system that provides high 

vacuum environment. 

 

 
Fig. 1 – Electron beam equipment 

 

The triode gun design consists of the cathode, 

composed of the filament and the massive cathode, 

electrode or grid, anode, focusing and deflecting 

coils. The vacuum system ensures a pressure level of 

10
-3

–10
-4

 Pa and it is controlled by a multitasking 

digital system implemented on the microcontroller 

and on PC. To avoid accidents, any error that may 

appear in this unit is pointed out and preparing 

sequences for material processing are halted [7],[8]. 

The emission of electrons from the incandescently 

heated termoemission filament, which is saturated 

during the process by a predetermined amount of 

electrical current, generates the main beam. A 

negative high voltage potential is applied to the 

filament cathode assembly, referred to as the 

accelerating voltage of 40…60 kV. A lower voltage 

than the accelerating voltage is applied to the grid 

cup. In this way the grid cup acts as a valve that 

controls the volume of electron energy, which can 

flow from the cathode to attracting targets. 

The first target, situated in the triode gun, is an 

anode at a positive potential, which forms the beam. 

Then the focused beam of electrons is led using 

focusing coil to a secondary target, situated in the 

workchamber, consisting of a metallic workpiece, 

where the kinetic energy of the electrons is converted 

into thermal energy. 

The metallic workpiece offers a conductive path 

to earth to complete the circuit. This target can be 

stationary and the electron beam energy deflected 

using deflecting coil or the workpiece can be moved 

using a CNC table. 

The magnetic focusing coil is located beneath the 

anode assembly and is circular in design and 

concentric with electron beam. An electrical current 

is passed through the coil, which produces magnetic 

fluxes that provides the convergence of electron 

beam. The deflecting coil is created with four wound 

coils positioned at right angles to the column.  

Another important part in the experimental 

equipment is the electron’s collectors composed of 

four electrodes used to capture electrons reflected 

from the target surface (workpiece). 

The paper presents the study of the influence of 

these two directing components on the electron beam 

position and some models and simulations for the 

CTW 5/60 equipment. 

So, these final stages of the electron beam 

equipment are very important because the trajectory 

on the surface of a stationary workpiece is obtained 

using the deflecting systems and the desired depth of 

penetration (depth/width ratio) is achieved with the 

aid of the focusing system. 

Electron Beam CTW 5/60 Equipment is 

developed by “Petru Maior” University of Tîrgu 

Mureş in partnership with Electrical Research 

Institute I.C.P.E. Bucharest. 

 

2. Focusing and deflecting systems. 

mathematical modeling  

In the electron beam gun the electrons trajectory is 

influenced by electric and magnetic fields. We 

suppose that these fields satisfy the Maxwell 

requirements. So, using the Newton’s second law of 

motion results the general equation of the electrons 

motion in electric and magnetic fields [8]: 
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where me is the electron mass, 9.1∙10
-31

 [kg], r is 

the electron position in the space and e0/me 

characterizes the electrons mobility, 1.76∙10
11

 [C/kg]. 

Configuration of the electron beam equipment 

presents two perpendicular fields, focusing magnetic 

field across the electric field. At the electron beam 

equipment the components of the magnetic field (Bx, 

By), transversal to the electrono-optical axis, are the 

products of the two deflecting coils to deviate the EB 

from this axis, while the electric field (component Ez) 

acting on the electrons has the purpose to accelerate it 

using the potential difference between cathode and 

anode, respectively the workpiece potential [8],[13]. 

So, the electrons motion equations in rectangular 

coordinates are: 
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The magnetic fields can be produced by the 

focusing coils to concentrate the energy of the 

electrons in the desired focal spot. In this way the 

precise heating effect of the material is obtained [10]. 

 

Focusing system mathematical modeling: 

The focusing system is one of the most important 

control systems of the electron beam equipment 

automation. 

Including the magnetic field distribution and using 

some optics concepts from the dynamic equations of 

the electrons that cross through the electromagnetic 

coil results the stationary model of the focusing 

system, which is a relation between the focusing 

distance and focusing current. 

The electrons have a screw motion and so the 

equations (2) were transposed in cylindrical 

coordinates: 
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where z, r, θ are the cylindrical coordinates of the 

electrons position.  

Because the focusing coil act like a thin lens and 

considering a limited effect of the coil the equations 

are: 
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If the axial component Bz of the magnetic field is 

approximated with the Taylor series and if the 

angular component Bθ of the field is null for 

concentric coils, from the Laplace equation results the 

radial component Br. 

Using these components the analytical equations 

of the electrons trajectory are given in (5). 
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For a very small value of the square of the radius r 

the variation d
2
z/dt

2
 is zero. On the other hand the 

electrons which reach the lens have already acquired 

kinetic energy and the Oz velocity vz=dz/dt is 

dependent on the voltage acceleration Uacc. The axial 

motion of the electrons became: 
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where Uacc is the accelerating voltage and B0 is the 

magnetic field distribution. 

Integrating (6) around the thin lens, considering a 

parallel beam to Oz axis and knowing the magnetic 

induction distribution created by the circular coil the 

focusing distance is: 
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where zfoc is the focusing distance, R the radius of 

the circular focusing coil, n the number of turns, ifoc 

the focusing current and μ0 the permittivity. 

The fig. 2 shows the analogy between the 

focusing magnetic coils and thin lenses, respectively 

the optics concept [11]-[13],[15]. 

 

 
Fig. 2 – The beam crossing the thin magnetic lens 

 

Relation (7) consists in the nonlinear 

dependencies between the number of turns n, 

focusing current ifoc and focusing distance zfoc.  

The dynamical model of the focusing system, 

actually the second part of the focusing mathematical 

model, is the dependency between the prescribed 

focusing coil voltage and the focusing current. 

   tutiR
dt

di
L focfocs

foc

s    (8) 

 

where Ls and Rs are the characteristics parameters 

of the focusing coil.  

The velocity of electrons is very high and for this 

reason the time that has been elapsed from the 

modification of the coil magnetic field and changes in 

focus distance is too small (the order of nanoseconds) 

and can be neglected. Dynamic focusing system is 

thus determined only by the focusing coil current 

changes. 

 

Deflecting system mathematical modeling: 

Deflecting system provides spatial deviation of 

the electron beam so that it is possible to reach any 

point on the surface of the target material. Whatever 

type of deflecting system, it must be characterized by 

sensitivity, linearity and small influence on the 
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focusing system. Aberrations due deflection became 

significant for deflecting angles greater than 10-15˚. 

The deflecting system has a mathematical model 

with a stationary part and a dynamic part. The 

stationary model is a particular solution of the 

dynamic equations of the electrons when the electric 

and magnetic field distribution is known and gives 

the dependence between the one dimension deflecting 

distance and the deflecting coil current.  

For one axis deflection the magnetic field is 

transversal (v┴B), Lorentz force is actually a 

centripetal force described by (9) and the electrons 

have a circular motion with radius R shown in fig. 3. 

 

 
Fig. 3 – The beam crossing the deflecting coils 
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The deflecting angle of the electrons in the 

transverse magnetic field can be determined using the 

geometric equation (10). 
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where R is the radius, vz the electron velocity into 

the magnetic field, Z the length of the region where 

the magnetic field acts uniformly (equal to the length 

of deflecting coil lb) and B the magnetic induction.  

The velocity of electrons depends on the 

accelerating voltage: 
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For small deflecting angles the sinus function can 

be replaced with the tangent function and using 

another geometric relation results the deflection (12). 
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The magnetic induction B is given by (13). 
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where kb is the constant approximation of the 

induction curve, n the number of turns, a the constant 

dispersion of the magnetic field as the axis of 

symmetry, ixdefl the deflecting coil current. 

Inserting (13) in (12) results the stationary 

deflecting mathematical model (14). 
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The stationary deflecting mathematical model for 

the other axis is similar and depends on the other 

deflecting coil current. 

The dynamical model of the deflecting system is 

similar to the dynamical model of the focusing 

system and contains a first order differential equation 

between the deflecting current and the voltage 

supplied to the deflecting coil. 

   tutiR
dt

di
L deflxdefls

xdefl

s   (15) 

 

where Ls and Rs are the characteristics parameters 

of the deflecting coil. 

 

Simulink models for the focusing and deflecting 

systems: 

Relations (7), (8), (14) and (15) give the electron 

beam directing mathematical models. These models 

have been implemented in Matlab Simulink for later 

simulations. 

Figure 4 shows the Simulink model of the electron 

beam focusing system. 

 

 
Fig. 4 – Focusing system simulink model 

 

Figure 5 shows the simulink model of the electron 

beam deflecting system. 

 

 
Fig. 5 – Deflecting system simulink model 

 

Both simulink models (from fig. 4 and fig. 5) 

contain the stationary and the dynamic parts. The 

dynamic part was converted in a first order transfer 

function using basic Laplace transforms and 

implemented with an appropriate simulink block.  

Note also that while de focusing stationary model 

is nonlinear, the deflecting stationary model is linear. 

This observation may have important consequences 

on the adopted control type. Also, the electron beam 

deflection on small distances is recommended to 
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eliminate the mechanical inertia introduced by the 

d.c. motors. 

 

3. Focusing and deflecting systems simulations 

The screw motion of the electrons in the electron 

beam gun was first simulated using (5) and fig. 6 

shows such an example in the three dimensional 

space. 

 
Fig. 6 – Electron beam trajectory 

 

Replacing the inductance Ls=0.450H and the 

resistance Rs=16Ω in (8), dynamic focusing model 

was tested at a 1V step input. The focusing current 

response (fig. 7) has a first order system response 

with a 0.0625 amplification factor and a 0.028 

seconds time constant. 

 
Fig. 7 – Focusing current response at step focusing 

voltage input 

 

Relation (7) gives the focusing distance zfoc 

depending on the focusing current ifoc and beam 

focusing coil radius R. So, we calculated the focusing 

distance for three different values of coil radius. The 

variation of the focusing current was kept in the 

practical range 0.2...0.8A. 

The fig. 8 emphasizes again the nonlinear 

dependency of the stationary focusing model. In the 

simulations we used for the other parameters the 

following values: n=1024 turns, me=9.1∙10
-31

kg, 

Uacc=60kV, μ0=4π10
-7

Vs/Am and e0=1,6∙10
-19

C. 

The measured inductance and resistance for the 

dynamic deflecting model are Ls=0.450H and 

Rs=10Ω. The deflecting current response at a 1V step 

input is a first order system response, too. The fig. 9 

indicates the 0.1 amplification factor and the 0.045 

seconds time constant. 

 
Fig. 8 – Focusing distance-focusing current nonlinear 

dependency 

 

Relation (14) gives the deflecting distance xdefl 

depending on the deflecting current ixdefl and distance 

from the deflecting coil to the target ddefl. We 

calculated the deflecting distance for three different 

values of the distance ddefl. The variation of the 

deflecting current was kept under the 0.25A value. 

 
Fig. 9 – Deflecting current response at step deflecting 

voltage input 

 

Figure 10 highlights the linear dependency of the 

stationary deflecting model. In the simulations we 

used for the other parameters of the stationary 

deflecting model the following values: kb=0.4, 

a=0.06, lb=0.06m, n=1000 turns. 

 

 
Fig. 9 – Deflecting distance-deflecting current linear 

dependency 
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4. Conclusions 

The paper presented the modeling and the 

simulations of the electron beam directing systems 

which contains the focusing and deflecting 

components. 

In the electron beam equipment the focusing 

system ensures the concentration of the electron beam 

energy into a focal point in depth of the material, 

while the deflecting system ensures a desired 

trajectory to the target material surface. 

Knowing the magnetic field distribution and using 

some optics concepts from the dynamic equations of 

the electrons that cross through the electromagnetic 

coil we proposed the stationary model of the focusing 

system. The stationary model of the focusing system 

(7) indicates the nonlinear dependency between the 

focusing current and focusing distance. 

The resulted stationary model of the deflecting 

system is a particular solution of the dynamic 

equations of the electrons which traverse the 

deflecting coil. The dependence between the 

deflecting coil current and the one dimension 

deflecting distance is approximated with the linear 

model (14). 

An important advantage of placing the magnetic 

deflection is to eliminate mechanical inertia. At the 

same time we observed by comparing the two 

stationary models (nonlinear focusing and linear 

deflection) the need to introduce in the future 

different type of control systems. 

The dynamic models of the focusing and 

deflecting systems, (8) and (15), are similar and are 

represented by the first order elements (first order 

differential equations) that differ only by the 

parameters. Both models consider the voltage as input 

and current as output. 

These electron beam directing models, with the 

measured parameters and data from the technical 

catalog, was implemented and simulated in the 

Matlab Simulink environment and the results are 

close to the real values. 

The mathematical models and the Simulink blocks 

can be used in future works to improve the directing 

control systems, in particular and the quality of the 

electron beam processing, in general. 
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ABSTRACT 
The using on a large scale of renewable energies brought a series of new problems in 

power energy generation and distribution systems. This represents one of the main 

reasons for study the impact of renewable energy sources on power systems. The paper 

proposes an effective study on the impact of renewable energy sources on power systems 

by using simulation models and the results obtained from these models. In the present 

paper are conceived Matlab/Simulink simulation models by considering mathematical 

models for hybrid systems based on renewable energy sources applied in the central 

region of Romania. The models can be implemented in any other Matlab 

SimPowerSystems simulation and study models and can be used in real simulated systems 

functioning using Matlab. The experimental results obtained from simulated models and 

conclusions resulted from the study of the impact of renewable energy hybrid systems on 

power systems are also presented.    

Keywords: photovoltaic system, wind energy system, hydroelectric system, renewable energy systems modeling, 

renewable energy systems simulation 

 
1. Introduction 

Hybrid power systems consist on a combination 

of renewable energy sources such as: photovoltaic 

(PV), wind generators, hydro, etc., to charge batteries 

and provide power to meet the energy demand, 

considering the local geography and other details of 

the place of installation.  

These types of systems, which are not connected 

to the main utility grid, are also used in stand-alone 

applications and operate independently and reliably. 

The best applications for these systems are on remote 

places, like as example, rural villages, 

telecommunications, etc. 

Nowadays renewable energy technologies offer 

important benefits compared to those of conventional 

energy sources. Many of them are significant related 

to the environmental benefits obtained, such as [1]: 

- no air pollution or production of hazardous 

waste;  

- clean and inexhaustible source of energy; 

- don’t require liquid or gaseous fuels to be 

transported or combusted; 

- PV sources can generate power in all weather 

and climates since their modules resist under the 

worse environmental conditions; 

- PV systems have clean, safe, reliable and quiet 

operation; 

- easy maintenance; 

- energy security and efficiency; 

- installed PV-wind hybrid system generate power 

continuously with minimal operating costs; 

- PV modules and battery bank are modular so 

you can double or increase the PV systems anytime; 

- reduction of dependence on foreign and/or 

decentralized sources of energy;  

- PV-wind hybrid systems are usually placed close 

to where the electricity is used, so they require much 

shorter power distribution lines than those needed to 

bring power in from the utility grid; 

- consumers can produce the energy they need 

within their own borders; 

- operating time of over 30 years; 
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- reduction of utility energy bills;  

- operates reliably for long periods of time with 

virtually no maintenance; 

- power from the PV-wind hybrid system is 

transferred to the utility company. The owner of any 

grid-connected PV-wind hybrid system can buy and 

sell electricity to the utility company. 

The importance of hybrid systems has grown as 

they appeared as the right solution for a clean and 

distributed energy production. We must mention that 

a new implementation of a hybrid system requires 

special attention on analysis and modelling. One issue 

is determined by the variable and unpredictable 

supply from renewable sources.   

As available tools are quite limited, the paper 

intends to present a variant of a software application 

useful in the decisional process, for choosing optimal 

solutions, as well as in educational purposes. 

 

2. Modeling and simulation of the solar 

photovoltaic system  

The model of the solar cell can be realized by an 

equivalent circuit that consists of a current source in 

parallel with a diode (Fig. 1) [2], [3].  

In Fig.1 RS, RP and C components can be 

neglected for the ideal model. 

 

 
Fig. 1 – Equivalent circuit diagram of a solar cell 

 

The p-n junction has a certain depletion layer 

capacitance, which is typically neglected for 

modeling solar cells. 

At increased inverse voltage the depletion layer 

becomes wider so that the capacitance is reduced 

similar to stretching the electrodes of a plate 

capacitor. Thus solar cells represent variable 

capacitance whose magnitude depends on the present 

voltage. This effect is considered by the capacitor C 

located in parallel to the diode. 

Series resistance RS consists of the contact 

resistance of the cables as well as of the resistance of 

the semiconductor material itself. 

Parallel or shunt resistance RP includes the 

“leakage currents” at the photovoltaic cell edges at 

which the ideal shunt reaction of the p-n junction may 

be reduced. This is usually within the kΩ region and 

consequently has almost no effect on the current-

voltage characteristic [2]. 

The diode is the one which determines the 

current-voltage characteristic of the cell. The output 

of the current source is directly proportional to the 

light falling on the cell. The open circuit voltage 

increases logarithmically according to the Shockley 

equations (1) and (2), which describe the 

interdependence of current and voltage in a solar cell 

[2], [4]. 
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where:    

- k - Boltzmann constant (1.3806 10
-23

 J/K); 

- T – reference temperature of solar cell; 

- q – elementary charge (1.6021 10
-19

 As); 

- U – solar cell voltage (V); 

- I0 – saturation current of the diode (A); 

- IPV – photovoltaic current (A). 

Fig. 2 presents the Matlab Simulink model of PV 

module. 

 

 
Fig. 2 – Matlab Simulink model of PV module. 

 

Solar system model consist of three Simulink 

blocks: solar model block, PV model block and 

energy conversion modules.  

Solar model block implements the mathematical 

model of solar radiation. This is done by using 

standard Simulink and Matlab modules and functions. 

This block allows selecting different type of patterns 

for solar radiation [5]. 

PV model implements the equivalent circuit of a 

solar cell presented in Fig. 1. Here standard functions 

and block of Matlab and Simulink were used to 

obtain this model. Its structure is presented in Fig 3. 

 

 
Fig. 3 – Matlab Simulink implementation of the 

PV module. 

 

The output of the PV module is processed by an 
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energy conversion block implemented with an PWM 

IGBT inverter block from standard Simulink/ 

SimPowerSystems library. 

 

3. Modeling and simulation of the wind energy 

system 

Modeling the wind energy converter is made 

considering the following assumptions [2]:  

- friction is neglected; 

- stationary wind flow; 

- constant, shear-free wind flow; 

- rotation-free flow; 

- incompressible flow (ρ=1.22 kg/m
3
); 

- free wind flow around the wind energy 

converter. 

On the above condition the maximum physical 

achievable wind energy conversion can be derived 

using a theoretical model that is independent of the 

technical construction of a wind energy converter. 

The flow air mass has certain energy. This energy 

is obtained from the air movement on the earth’s 

surface determined by the difference in speed and 

pressure. This is the main source of energy used by 

the wind turbines to obtain electric power. The kinetic 

energy W taken from the air mass flow m at speed v1 

in front of the wind turbine’s pales and at the back of 

the pales at speed v2 is illustrated by equation (3). 
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The resulted theoretical medium power P is 

determined as the ratio between the kinetic energy 

and the unit of time and is expressed by equation (4) 
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where: 

- V- air mass volume; 

- t - time; 

- ρ - air density. 

Assuming the expression of the mean air speed 
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The equation for the mean theoretical power is 

determined using equation (5) (Fig. 4), by: 
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We can conclude that an adequate choice of ratio 

leads to a maximum power value taken by the wind 

converter from the kinetic energy of the air masses, as 

shown by equation (7). 

3

1max
27

8
vAP               (7) 

This power represents only a fraction of the 

incident air flow theoretical power given by (8): 
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1
AvP

wind
             (8) 

 
Fig. 4 – Flow through a wind energy converter 

 

Equations (7) and (8) lead to (9).  

pwind
CPvAvAP  59,0

2

1

27

8 3

1

3

1max
          (9) 

where: CP represents the mechanical power 

coefficient which expresses that the wind kinetic 

energy cannot be totally converted in useful energy. 

This coefficient, meaning the maximum theoretical 

efficiency of wind power, was introduced by Betz [5]. 

The electrical power obtained under the 

assumptions of a wind generator’s electrical and 

mechanical part efficiency is given by (10). 

3

1
2

1
AvCP eel            (10) 

where: Ce represents the total net efficiency 

coefficient at the transformer terminals [6]. 

In Fig. 5 is shown the Matlab Simulink model of 

wind generator module. 

 

 
Fig. 5 – The Matlab Simulink model of the wind 

generator module 

 

The wind system model consists of three Simulink 

blocks: the wind model block, the wind generator 

model block and energy conversion modules.  

The wind model block implements the 

mathematical model of the air mass flow. This is 

done by using standard Simulink and Matlab modules 

and functions. This block allows the selection of 

different patterns for the air mass flow and the 

equations mentioned above were used in the design of 

this model. 

The resulted Matlab-Simulink model for the wind 

generator is a particular case of a DC generator 

general model and is presented in Fig 6. 

The output of the wind energy generator module 

is processed by an energy conversion block 

implemented with a PWM IGBT inverter block from 

the standard Simulink/ SimPowerSystems library. 
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Fig. 6 – Matlab-Simulink model of the small wind 

generator 

 

4. Modeling and simulation of the 

hydroelectric system 

Small hydroelectric power plants harness the 

falling water kinetic energy to generate electricity. 

Turbines transform falling water kinetic energy into 

mechanical rotation energy and then, the alternator 

transforms the mechanical energy into electricity. 

Water flows within a river from a higher geodesic site 

to a lower geodesic site due to gravitation. This is 

characterized by different particular kinetic and 

potential energy at both sites. The correct 

identification of the resulting energy differences of 

the out-flowing water can be assumed by considering 

a stationary and friction-free flow with 

incompressibility. The hydrodynamic Bernoulli 

pressure equation applied in such conditions is 

written according to equation (11).  

.
2

1 2 constvghp waterwaterwater            (11) 

where:  p – hydrostatic pressure; 

water – water density; 

 g – acceleration of gravity;  

 h – the water height;  

 waterv  – velocity of the water flow. 

Equation (11) can be transformed so that the first 

term expresses the pressure level, the second term the 

level of the site and the third term the water velocity 

level by (12). 
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The term 
g

vwater
2

2

1
 refers to the dynamic height 

and is defined as the height due to the speed of water 

flow and can be identified by the term of kinetic 

water energy.  

The usable head hutil of a particular section of river 

can be determined by considering: the difference in 

pressure, the geodesic difference in height and the 

different flow velocities of the water, using equation 

(13).  It must be mentioned that the equation is used 

to analyze an ideal case and does not consider the 

losses due to the friction of the individual water 

molecules among each other and the surrounding 

matter. 
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where: - pup – upstream hydrostatic pressure; 

      - pdown – downstream hydrostatic pressure; 

      -hup – upstream geodesic water height 

(headwater); 

            -hdown– downstream geodesic water height 

(tailwater); 

       - upwaterv , – upstream water velocity; 

       - downwaterv ,  – downstream water velocity; 

Considering equation (13), the power of a water 

supply Pwater can be determined using (14). 

utilwaterwaterwater hgqP            (14) 

where: qwater is the volume-related flow rate. 

According to equation (14), the power of a water 

supply is determined by the volume-related flow rate 

and usable head. The water flow assumes high values 

in lowland areas, while large heads can be achieved 

in mountain areas. 

Considering two specific points of a river, the 

theoretical power of the water Pwater,th, can be 

calculated based on (15). 

)( , downupwaterwaterthwater hhqgP               (15) 

where
waterq  represents the volumetric flow rate 

through a hydroelectric power plant. 

In the real case, considering the energy balance 

between two specific points of a river, and also the 

energy losses, the hydrodynamic Bernoulli pressure 

equation can be written according to equation (16). 
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where:-  
g

p

water

  - hydrodynamic pressure energy; 

- h - potential energy of the water; 

- 
g

vwater

2

2
  - kinetic energy of the water; 

- 
g

vwater

2

2

    - energy losses; 

- ξ - loss coefficient. 

The energy losses are represented by the part of 

the rated power which is converted into ambient heat 

by friction and cannot be used technically. 

In the turbine, pressure energy is converted into 

mechanical energy. The conversion losses are 

described by the turbine efficiency ηturbine. Equation 

(17) describes the part of the usable water power that 

can be converted into mechanical energy at the 

turbine shaft Pturbine. 

utilwaterwaterturbineturbine hqgP           (17) 

where hutil is the usable head at the turbine, and the 

term  utilwaterwater hqg   represents the actual usable 
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water power [2]. 

The water model described by the equations 

mentioned above was introduced in a Matlab-

Simulink model of the hydroelectric system. This 

model is shown in Fig. 7 and it encapsulates the 

model of the hydroelectric plant connected to the 

water model. Measurement of power and voltage is 

also provided by this model. 

 

 
Fig. 7– The Matlab Simulink model of the 

hydroelectric system 

 

The model of the hydroelectric plant (generator) 

has the same form as the one of the wind generator 

and also an equivalent diagram as the one we 

considered for the wind generator (Fig. 6). 

 

5. Modeling and simulation of the hybrid 

renewable energy system 

Considering the above models, by using Matlab-

Simulink environment, an application useful for study 

of hybrid renewable energy system connected to a 

local grid was developed. 

The purposes of the application reside in scientific 

studies and, also didactical ones, concerning 

renewable hybrid solar-wind-hydro systems. 

The structure of the application is based on solar, 

wind, hydro, energy conversion, transport and 

consumer modules shown in Fig. 8. 

 

 
Fig. 8– Architecture of the hybrid solar-wind-

hydro system model. 

 In order to implement a real hybrid system a 

theoretical preliminary study is required. Such study 

can be performed on simulation models. A simulation 

model is presented in Fig. 9. 

 

 
Fig. 9– Simulation model of a hybrid renewable 

energy system. 
 

By using the presented simulation several 

functioning studies of solar-wind-hydro hybrid 

system can be performed. Different patterns of solar, 

wind and hydro models and also different type of 

loads can be selected.   

Fig. 10 illustrates the voltage waveform measured 

at the bus bar. It can be seen a voltage waveform 

distortion caused by electronic devices – inverters - 

used for energy conversion. 

In Fig. 11 is shown the variation of the voltage 

caused by variation of the primary energy source. 
 

 
Fig. 10– Voltage waveform at the bus bar 

 

 
Fig. 11– Voltage variation caused by primary 

energy variation 

 

PV 
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Legend: 

PV – photovoltaic module 

WG – wind generator 

HG - hydrogenerator 

EC – energy converter modules 

 

T – energy transport module 

B – batteries 

L – load (consumer) 

 

 

HG 

 

EC 
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The developed model can be used not only for 

study of energy conversion but also for study of 

primary energy source influence on consumers. 

 

6. Conclusions 

In this paper is presented a rural street lighting 

The paper presents the modeling of a solar-wind-

hydro hybrid system. Based on presented 

mathematical models a Matlab/Simulink application 

was developed. 

The application is useful for analyze and simulate 

a real hybrid solar-wind-hydro system connected to a 

local grid. 

Application is built on modular architecture to 

facilitate easy study of each component module 

influence. 

Blocks like wind model, solar model, 

hydroelectric model, energy conversion and load are 

implemented and the results of simulation are also 

presented. 

With the proposed application many situations can 

be studied. An important study is the behavior of 

hybrid system which allows employing renewable 

and variable in time energy sources while providing a 

continuous supply. 

Application represents a useful tool in research 

activity and also in teaching. 

 

References 
 

[1] Dumitru, C. (2007), The Development of Local 

DC and AC Distribution Networks Supplied 

with Energy Provided by Renewable Resources, 

Conferinţa de Inginerie Energetică CIE 2007, 

Băile Felix, iunie 2007, Analele Universităţii 

din Oradea, Fascicula Energetică; 

[2] Kaltschmitt, M., Streicher, W., Wiese, A. 

(2007), Renewable Energy, Technology, 

Economics and Environment, Springer-Verlag, 

Berlin Heidelberg; 

[3] Markvart, T., Castaner, L. (2003), Practical 

Handbook of Photovoltaics, Fundamentals and 

Applications, Ed. Elsevier, Oxford, UK; 

[4] Patel, M. R. (1999), Wind and solar power 

systems, CRC Press LLC, Boca Raton, Florida; 

[5] Dumitru, C.D., Gligor, A. (2008),  Power 

Quality Analysis of a System Based on 

Renewable Energy Supplying a Local 

Distribution Network, Acta Electrotehnica, 

Special Issue: Proceedings of the 2nd 

International Conference on Modern Power 

Systems MPS 2008, 12-14 nov. 2008, pag. 224-

226, Cluj Napoca, România; 

[6] Golovanov, N., Postolache, P., Toader, C. 

(2007), Eficienţa şi calitatea energiei electrice, 

Ed. AGIR, Bucureşti, Romania

 

 

149 

 



 

The 4
th

 edition of the 

Interdisciplinarity in Engineering International Conference  

 “Petru Maior” University of Tîrgu Mureş, Romania, 2009 

 

 

 

 

 

 

 

MONITORING AND CONTROL BY VIRTUAL TOOLS OF AN 

EDUCATIONAL RENEWABLE ENERGY SYSTEM 
 

Adrian GLIGOR
#1

, Cristian-Dragoș DUMITRU
#2

, Traian TURC
#3

 
#
Department of Electrical and Computer Engineering,”Petru Maior” University of Tîrgu Mureș 

1, N. Iorga st., Tîrgu Mureș, Romania 
1
adrian.gligor@ing.upm.ro 

2
cristian.dumitru@ing.upm.ro 

3
traian.turc@ing.upm.ro 

 

ABSTRACT 

The scope of the present paper is to present the architecture and design of an effective 

tool useful for monitoring, maintenance and training of specialists in the field of 

photovoltaic renewable energy. Among renewable energy resources, solar energy 

represents an easy to use, accessible and green source of energy. An important goal is the 

efficient use of solar energy which can only be achieved by the knowledge of solar datum 

and equipment characteristics from a studied area. Based on this idea, the paper presents 

a concept of virtual tools developed on web technologies and virtual instrumentation for 

monitoring and control of solar renewable energy. These tools are mainly designed as a 

base for a virtual laboratory that can be used for the study of photovoltaic and thermal 

solar energy parameters, representing, by didactical point of view, a handful way for 

students to study the phenomenology and also a training tool for specialists in the field of 

solar photovoltaic energy. 

Keywords: renewable energy, solar energy, educational tool, virtual laboratory, remote access, data acquisition, 

data conditioning 

 
1. Introduction 

The recent growth of renewable energy usage as a 

result of installation of more and more generating 

units involves preoccupations concerning their 

monitoring and maintenance. This leads to the 

conceiving of new and effective tools for monitoring 

and control regarding these systems but also to the 

training of specialists in the field of renewable energy 

systems. 

One of the renewable energies on which 

nowadays scientists are focused is represented by the 

solar energy and its uses. An important point is 

focused on the efficient use of system based on solar 

energy, which involves the knowledge of solar data 

and equipment characteristics from a studied area. 

Also this is important by didactical point of view 

requiring students to access real data and concentrate 

on phenomenology using adequate tools. Authors of 

this paper have developed a tool suitable for research 

and learning. 

This tool was designed from the perspective and 

the importance represented nowadays by renewable 

energy technologies. One can see the important 

benefits of renewable energy compared to those of 

conventional energy sources. Many of them are 

significant related to the environmental benefits 

obtained, such as [1], [2]: 

 no production of air pollution or hazardous 

waste; 

 clean and inexhaustible source of energy; 

 don’t require liquid or gaseous fuels to be 

transported or combusted; 

 PV sources can generate power in all weather 

and climates since their modules resist under 

the worse environmental conditions; 

 PV systems have clean, safe, reliable and quiet 

operation; 

 easy maintenance; 

 energy security and efficiency; 

 installed PV system generate power 

continuously with minimal operating costs; 

 PV modules and battery bank are modular so 

you can double or increase the PV systems 

anytime; 

 reduction of dependence on foreign and/or 

decentralized sources of energy; 
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 PV systems are usually placed close to 

where the electricity is used, so they require 

much shorter power distribution lines than 

those needed to bring power in from the 

utility grid; 

 consumers can produce the energy they need 

within their own borders; 

 operating time of over 30 years; 

 reduction of utility energy bills; 

 operates reliably for long periods of time 

with virtually no maintenance; 

 power from the PV system is transferred to 

the utility company. The owner of any grid-

connected PV system can buy and sell 

electricity to the utility company. 

 

2. Virtual laboratory specifications  

One of the main purposes of our work is to 

develop a system usable for monitoring, technical 

study on-site and for on-line distance learning. The 

main goal of the system is to provide an access to a 

photovoltaic production unit, primarily for 

monitoring or for control of primary energy source 

parameters when used for study. All these are 

including the permanent access to current data but 

also to the recorded ones too. When the photovoltaic 

unit is used for experimental and learning purposes 

the system is designed to provide a way to a good 

understanding of physical phenomena and of 

measured parameters related to photovoltaic systems 

such as: 

 measurement of irradiance, open circuit 

voltage and short-circuit current from 

photovoltaic cells; 

 study of power, temperature, voltage and 

current characteristics from the power cells or 

modules; 

 study of serial and parallel connection of 

solar modules and the partial shading of a 

photovoltaic generator; 

 study of loads directly fed or fed by stored 

power studied on-site on the workstation [5]. 

The system can be used for study of theoretical 

models, but also for study of above parameters 

influence and comparisons to real models. 

Obviously, when the control function is activated, 

the studies on real models can be performed when the 

solar radiation is available or by using an artificial 

source of lighting radiation. 

The system was conceived to perform studies 

using existing data but also data preset by user. In the 

case of on-line study, data history can be used for the 

study of available solar radiation during different 

periods of time. The analysis of registered data can be 

performed in off-line study. 

The available physicals models can be tested in 

different configurations at different parameters (e.g. 

solar photovoltaic cells of different parameters in 

series or parallel connections). 

3. System architecture 

Figure 1 shows the block diagram of the e-

learning proposed system. The system is structured 

on 3 components: 

 experimental workstation with an DAQ 

 module; 

 the module for study of theoretical models; 

 web based application with database. 

 

 
 

Fig. 1 – Architecture of the system  

 

The experimental workstation for the study of 

photovoltaic solar energy is represented by a basic 

Lucas-Nulle workstation extended with a data 

acquisition module implemented with a computer 

equipped with PCL711 DAQ board [4]. Data 

obtained from DAQ board are pre-processed and sent 

to the upper levels of the application by a software 

component developed in LabWindows/CVI. 

The workstation (Fig. 2) contains two types of 

solar energy converters: solar cells and photovoltaic 

solar panel. 

Solar cells are represented by integrated SO 

32107 M, Lucas-Nulle modules. There are two types 

of solar cells: 2 modules of 6 Volts which can be 

connected serial or parallel configurations, and a 3 

Volts module [5]. 

Solar panel is of ET-M53620 type characterized 

by the following parameters: 

 Peak power (Pmax) 20W; 

 Maximum power point voltage (Vmpp) 

17.82V; 

 Maximum power point current (Impp) 1.15A; 

 Open circuit voltage (Voc) 21.96V; 

 Short circuit current (Isc) 1.27A. 

Energy conversion at a level usable by consumers 

is realised with two 12V DC-230VAC-50 Hz-150W 

inverters supplied by two solar charge controller 

SOLSUM 5.6 and SOLAR 18122. Supplemental 

energy is stored in a 12V accumulator [6]. 

For testing purposes are used 12V DC consumers 

and 220V AC consumers. 

DC consumers are: DC motor of 3.3W, halogen 
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lamp 12V/5W, a LED 20mA and a 12V socket for 

connecting other 12V DC consumers. The two 

inverters offers the possibility to connect different 

types of AC consumers and for testing purposes is 

used a 230V/150W halogen LEDs lamp. 

 

 
 

Fig. 2 – Photovoltaic laboratory workstation 

 

For time analysis of solar energy availability a 

MacSolar device from Solarc is used [4]. 

 

4. System implementation 

An important part of the system is represented by 

software development. Software development is 

based on: 

 data acquisition and conditioning; 

 data storage and retrieval; 

 remote access by web application; 

 simulation models. 

The implementation of this software package is 

conceived as follows: 

 

(1). Photovoltaic Workstation DAQ and 

Conditioning System 

The photovoltaic workstation DAQ and 

conditioning system is implemented by a PCL711 

DAQ board [2] and a software application developed 

in LabWindows/CVI environment. The application 

sends the data to a database or to the web application 

if an experimenter requests that. Data flow diagram of 

this module is shown in Fig. 3. 

 

(2). Data Storage and Retrieval 

The discontinuous availability of primary energy 

source for experiments requires data storage. By 

using data storage module the data can be studied on 

various periods of time. The web application is 

implemented in this experimental phase using MySql 

database management system for data storage and 

web communication. The main data source is the 

DAQ module and the beneficiaries are the database 

and web application. 

 

(3). Remote Access by Web Application 

The access to the virtual laboratory is allowed 

with username and password identification. Once the 

user is logged-in, it can perform a new experiment or 

an existing one. In case of a new experiment, the 

photovoltaic workstation users have to make a system 

reservation. The actual modules don’t allow a 

simultaneous access for more users. In the future, it is 

intended a development of a system which allows 

parallel experiments by multiplexing user access 

using a faster DAQ architecture. 

 

 
 

Fig. 3 – Dataflow diagram of the DAQ System 

 

The complete state flow diagram of web 

application modules related to the e-learning system 

is presented in Fig. 4. 

For web application support we are using the 

Apache sever running on Linux machine, CGI 

applications written in C/C++ language and PHP 

applications for web interface. 

 

(3). Simulation Models 

The simulation of photovoltaic system requires 

complex mathematical models implemented and 

validated in a convenient way with Matlab. The 

simulation results are available to the web system by 

using Matlab Server application. The advantage of 

such implementation is an easy way to simulate and 

validate existing and new models. 

 

5. Case study 

As follows, it will be illustrated the system 

functioning as virtual laboratory. The use of system is 

possible only by the authorized persons. A system 

user will access the intranet page for laboratory 

access and provide his credentials as shown in Fig. 5. 

After authentication users can chose the activities 

to be performed from a list. For example, the user 

chooses a new on-line handling of the photovoltaic 

system. From an available list, the user will choose 

the configuration he intends to work with, for 

example Analisys of Power and Temperature 

Characteristics at MPP (Maximum Power Point) for 

Photovoltaic Solar Cells as shown in Fig. 6. 
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Fig. 4 – State and flow diagram of the web application 

modules 

 

 
 

Fig. 5 – Intranet laboratory access interface modules 

 

The system tests if any other handling is currently 

in progress by other user and offers the possibility to 

program the experiment for a certain hour or to access 

the workstation, if it’s available. By accessing the 

above mentioned experiment, the user has to select 

the consumer charge level and the upper and lower 

level of the solar radiation. 

The laboratory workstation automatically provides 

voltage and current measurements for different values 

of solar radiation. 

 

 
 

Fig. 6 – Intranet laboratory available handling activity 

list 

 

 
 

Fig. 7 – Intranet laboratory analysis and results 

interface 

 

At the end of the experiment the system displays 

the graphic characteristics. For example, considering 

a resistive consumer of 3 Ohm the system displays a 

characteristic as shown in Fig. 7. 

 

6. Conclusions and future work 

The present paper presents a system designed for 

monitoring and remote control of a solar photovoltaic 

system with modern web-based tools. 

The system was designed also to accommodate 

the function of a virtual laboratory for the study of a 

renewable solar energy system. The basic idea of the 

implemented system is to allow several users to 

perform analysis or common laboratory experiments 

during their studying courses like Renewable Energy 

Sources and also to allow them to plan their own 

working time. 

To facilitate access to laboratory experiments, the 

usage of web technologies in the development of the 
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application was proposed. In order to perform the 

experiments on real laboratory workstations, the 

conception of some modules to provide the 

interfacing and assurance of access through web 

interfaces was necessary. 

Considering that the study consists in the data 

analysis and in their processing, the databases for 

stored data obtained from the measurements in the 

experiments or any other information necessary for a 

good functioning of the application were used. An 

important facility is offered by the possibility of a 

later access to previously recorded information about 

the experiments, which is the opportunity of 

performing off-line analysis. 

A few types of technical and scientific analysis 

that can be performed on the prototype photovoltaic 

workstation are: measurement of irradiance, open 

circuit voltage and short-circuit current from 

photovoltaic cells, study of power, temperature, 

voltage and current characteristics from the power 

cells or modules, study of serial and parallel 

connection of solar modules and the partial shading 

of a photovoltaic generator, study of loads directly 

fed or fed by stored power. 

The important side of laboratory experiments is 

the data availability when multiple devices are 

available and distributed. Also cannot be neglected 

the necessity of many applications to have data 

availability over local, wide or Internet. As we have 

developed this application with the possibility of 

transmitting data through local networks for solar 

panel systems we hope to extend this application to 

hybrid systems in order to control and monitor those 

systems from distance. 

Due to the modular development and open 

architecture of the application new facilities and new 

activities can be added.  

Also by adding new modules and interfacing 

devices the existing system can be extended to other 

workstations and courses. 

As a near future work we intend to extend this 

application to a hybrid system composed by solar 

panels, wind turbines and perhaps some fuel cells.  
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ABSTRACT 

The goal of most wavelet researches is to create a set of basis functions and transforms 

that will give an informative, efficient and useful description of a signal. It is better if the 

wavelet function is adapted to the signal, because the computational costs can be reduced 

and more accurate analysis can be obtained. This paper presents a discrete wavelet 

function synthesizer, which starts from an arbitrary, discretized sequence, to obtain the 

reconstruction and decomposition filters. The followed criterion is to minimize the 

reconstruction error between a first order approximation and the original signal. This 

paper introduces a new method, using softcomputing elements to synthesize new discrete 

wavelet functions in order to have an optimal decomposition structure. This structure 

(discrete sequence) must satisfy certain mathematical conditions. 

Keywords: discrete wavelet transform, subband filtering, FIR filters, signal analysis 

 
1. Introduction 

A time-frequency representation of signals 

processed through transform methods has proven 

beneficial for signal and image processing. The 

wavelet transform is a recently developed signal 

processing technique, created to overcome the limits 

of the classical Fourier analysis, to deal also with 

non-stationary signals. The wavelet transform of a 

signal is calculated by taking the convolution product 

between the input signal and basis functions, 

measuring the similarity between them. The result of 

this product is a set of coefficients. This set of 

coefficients indicates how similar is the signal to the 

basis functions. In the case of wavelet analysis, the 

basis functions are scaled (stretched or compressed) 

and translated versions of the same prototype 

function, called the mother wavelet. Theoretical 

knowledge about mathematical backgrounds of 

wavelet transform can be found in [1], [2], [3]. This 

paper deals with a new method, using softcomputing 

elements to synthesize new discrete wavelet functions 

in order to perform with them an optimal 

decomposition for a given signal. The expected result 

is to minimize the reconstruction error between a first 

order approximation from decomposition and the 

original signal [7], [9]. 

 

2. The Wavelet transform and filter banks  

The wavelet transform is an orthogonal transform 

which measures the “similarity” between the signal 

and the basis function, resulting in coefficients, which 

indicate how close to signal is to this particular basis 

function. All basis functions are scaled versions of the 

same prototype (mother wavelet). The wavelet 

transform is a decomposition of the signal as a 

combination of a set of basis functions, obtained by 

means of scaling and translation of a so called mother 

wavelet. The continuous wavelet transform (CWT) 

uses the dilation and translation of the mother wavelet 

function. The CWT of signal  tx  is defined as [1]: 

 

    dt
a

bt
tx

a
bxWa 







 
 






1

        (1) 

 

where a is a scale factor which is proportional to 

the inverse of frequency and b is the translation 

parameter. A discrete-time version of the continuous 

transform leads to the discrete wavelet transform 

(DWT). In practical applications, the DWT is 

restricted to the discrete time dyadic DWT with a=2, 
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and will be considered in the following. The DWT 

achieves the constant Q (i.e., the quotient of 

bandwidth to center frequency) bandwidth 

distribution shown in figure. 1 by always applying the 

two-channel filter bank in a filter tree to the low-pass 

signal, as shown in figure 2 [8], [9], [11]. 

 

 
 

Fig. 1 Frequency distribution for DWT decomposition 
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For discrete-time signals, the dyadic discrete 

wavelet transform (DWT) is equivalent, according to 

Mallat’s algorithm [1] to an octave filter bank [11], 

[12], and can be implemented as a cascade of 

identical cells (low-pas and high-pass finite impulse 

response (FIR) filters) as illustrated in figure 2. 

 

 
 

Fig. 2 – FIR filter structure for dyadic scale third order 

decomposition 
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where dj are details and aj average components. The 

output of the DWT consists of the remaining several 

times smoothed components, and all of the 

accumulated "detail" components [5]. The 

reconstruction procedure is similar to decomposition, 

the signal at every level is upsampled by two, passed 

through the synthesis (low-pass and high-pass) filters 

and then the filtered components are added [4], [16]. 

 

  
 

Fig. 3 – FIR filter structure for reconstruction 

3. Materials and method 

Two-channel filter banks are an important tool for 

the design of general filter banks and wavelets. To 

increase the detection algorithms performance a 

computational network based wavelet function 

synthesizer is proposed, starting from an arbitrary 

discretized sequence, from which the reconstruction 

and decomposition filters can be obtained, as 

illustrated in figure 4.  

 

  
 

Fig. 4 – FIR filter synthesis according to the perfect 

reconstruction conditions 

 

The filters must be low-pass FIR filter of 2N 

length, the sum of elements to be 1, with norm 2 . 

The low-pass and high-pass structures (Lo_R is a 

low-pass reconstruction filter, Lo_D is the low-pass 

decomposition filter, Hi_R, the high-pass 

reconstruction filter is a quadrature mirrored version 

of the low-pass reconstruction filter, the high-pass 

decomposition filter Hi_D, is an inverted version of 

the high-pass reconstruction filter) are obtained from 

this arbitrary sequence. The filters must satisfy 

certain requirements to enable perfect reconstruction 

from the two output signals after downsampling, and 

to yield an orthogonal underlying wavelet basis. To 

end up with a corresponding mother wavelet having 

compact support, the filters (HD, GD, HR, GR) must be 

finite impulse response (FIR) filters [5]. All the filters 

are intimately related to the sequence W which 

defines the dilation (or refinement) relation. The 

proposed structure to synthesize new wavelet 

functions is illustrated on figure 5. 

 

 
 

Fig. 5 – Computational structure for wavelet sequence 

synthesis 

 

The calculation of the error ε is performed comparing 

the reconstructed function (from first average 

components) with the signal.  
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The approximation error is defined as a difference 

between the signal and the reconstructed function 

from only average components: 

 

    2XDWTIDWTXwavelet     (4) 

 22)(  Wnormnorm        (5) 

 

The criterion-function was defined as:  

 

  

i

ii
w

ww



   (6) 

where μ is the learning rate and 

iw


 is the variation 

of error. The used test signal is from MIT-BIH 

Arrhythmia Database, the procedure was set to study 

ECG-like signals 

 

4. Results 

The chosen test signal is from MIT-BIH database; 

is used only a short sequence from it (figure 6) 
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Figure 6 The analyzed signal 
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Figure 7.  The obtained wavelet sequence 

The FIR filters coefficients obtained through the 

presented algorithm are presented on figures 7, 8. 
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Figure 8. The decomposition FIR filters 
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Figure 9. The decomposition FIR filters 

 

The evolution of the approximation error ε is shown 

on figure 10 
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Figure 10:The evolution of approximation error 

 

Comparing the obtained wavelet sequence with other 

discrete wavelet functions from Wavelet Toolbox 

157 

 



 

 

 

(Matlab), on can observe a lot of similarities between 

them and the new-created sequence, as shown on 

figure 10. 
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Figure 11: Comparison between wavelet functions 

 

The reconstruction errors from the first order 

approximation coefficients are different if we use 

different wavelet functions. A comparison between 

these errors is presented below (figure 10) 
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Figure 12: The variation of reconstruction error after 

five iteration compared with other methods 

 

 

5. Conclusions 

Using a non-uniform octave-spaced or wavelet 

filter bank, is possible to create a wavelet function 

sequence to analyze other signals. The main 

advantage of the presented method is that the 

analyzing discrete wavelet can be adapted to the 

signal. Using filter banks it’s possible to obtain a 

discrete wavelet transform of a sequence without 

specifying any other function. The obtained functions 

gave sometimes better or almost the same results in 

decomposition, reconstruction as the already existing 

functions. The analyzing tool being adapted to the 

signal, the results strongly depend on the analyzing 

signal’s waveforms, that could be a disadvantage. 

 

 

References 

[1] Addison, P.,S. (2002), The Illustrated Wavelet 

Transform Handbook. Institute of Physics 

Publishing , Bristol, England 

[2] Sethares, W. (2007). Rhythm and Transforms.  

Springer, New York, NY 

[3] Mallat, S. (2001) A wavelet tour of signal 

processing, Academic Press London, England 

[4] U., Meyer-Base (2007), Digital Signal 

Processing with Field Programmable Gate 

Arrays, Springer Verlag Berlin Heidelberg. 

[5] A., V., Oppenheim (2006), Discrete-Timel 

Signal Processing, Pearson Education, New 

Jersey, U.S. 

[6] A. Antoniou, (2006), Digital Signal processing, 

McGraw-Hill Education (India) 

[7] Feichtinger, H., Strohmer, T., (2002). Advances 

in Gabor Analysis. Birkhauser, Boston, MA. 

[8] Misiti, M., Misiti, Y., Oppenheim, G., Poggi, J-

M. (2000), WaveletToolbox. For Use with 

Matlab User’s Guide. Version 2 The 

MathWorks Inc. 

[9] P.S. Addison(2005). Wavelet transforms and the 

ECG: a review. Physiological Measurements, 

Vol. 26, nr. 5, pp155–199 

[10] Addison P S, Watson J N, Feng T (2002) Low-

oscillation complex wavelets Journal of. Sounds 

and Vibrations. 254(4), pp 733–762  

[11] Ahmed S. M., Al-Shrouf A., Abo-Zahhad, M. 

(2000) ECG data compression using optimal 

non-orthogonal wavelet transform Medical 

Engineering & Physics, Volume 24, Issue 3 , 

pp.185-199 

[12] Alm, J.F., Walker, J.S. (2002), Time-frequency 

analysis of musical instruments. SIAM Review, 

Vol. 44, 457–476. 

[13] Donoho, D.,Candes, E. (2005). Continuous 

Curvelet Transform I: Resolution of Wavefront 

Set. Applied and Computational Harmonic 

Analysis, Vol. 19, pp.162–197. 

[14] Oraintara, S., Heller, P. Tran, T. Nguyen, T. 

(2001). Lattice  structure  for regular 

paraunitary linear-phase filterbanks and M-

band orthogonal symmetric wavelets. IEEE 

Transactions on Signal Processing, Vol. 49, pp. 

2659-2672. 

[15] Chen, Y.-J., Oraintara, S., Amaratunga, K. 

(2005). Dyadic-based factorization for regular 

paraunitary filter banks and M-band orthogonal 

wavelets with structural vanishing moments. 

IEEE  Transactions on Signal  Processing, Vol. 

53, pp.193–207 

[16] M.  Kobayashi.  (1996). Listening for Defects: 

Wavelet-Based Acoustical Signal Processing in 

Japan. SIAM News, Vol. 29, No. 2 

 

  
  

158 

 



 

The 4
th

 edition of the 

Interdisciplinarity in Engineering International Conference  

 “Petru Maior” University of Tîrgu Mureş, Romania, 2009 

 

 

 

 

 

 

 

ECG SIGNAL INTERPRETATION USING 

MULTIRESOLUTION ANALYSIS  
 

Zoltán GERMÁN-SALLÓ
#1

, Márta GERMÁN-SALLÓ
*2

,  
#
 Electrical Engineering and Computers Department, “Petru Maior” University of Tirgu-Mures 

Nicolae Iorga street, 540088 Tirgu-Mures, Romania 
1
zoltan.german-sallo@ing.upm.ro 

 
*
 University of Medicine and Pharmacy of Tirgu-Mures 

Gheorghe Marinescu street nr. 38, 540139 Tirgu-Mures, Romania 
2
gsmarti66@yahoo.com 

 

ABSTRACT 

The electrocardiogram (ECG) is a time-varying signal that measures the electrical 

activity (on the surface of the human body) of the heart. Each heartbeat is a complex of 

distinct cardiac events, represented by distinct features in the ECG waveform. This paper 

presents a discrete wavelet transform (DWT) based ECG signal characteristic parameter 

extraction method. With the multiresolution feature of DWT's, the QRS complex can be 

distinguished from P or T waves, noise, baseline drift, and artifacts. The main idea is that 

various morphologies are excited better at different scales. 

Keywords: electrocardiogram signal, ECG interpretation, ECG waves, discrete wavelet transform 

 
1. Introduction 

To analyze any finite energy signal s(t) the 

continuous wavelet transform (CWT) uses the 

dilation and translation of a single wavelet function 

 (t) called mother wavelet. Specifically, if we 

choose the set of test functions to be[1], [2]:  

 

       R ,0,,/  sstQ      (1) 

 

then is obtained the continuous wavelet transform : 

 

   ,sfW  of the signal    RL2tf  [1]: 

 

     dt
s

t

s
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where, we have used   to denote the complex 

conjugate of   and where  R2L  is an 

oscillatory function whose Fourier transform  


 

must satisfy: 

 

   







 dC

2
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in effect if 21 LL  , condition (3) specifies 

that  t  should have zero mean. Since the scale 

factor a is proportional to the inverse of the frequency 

ω, the value   00 , sfW  exhibits the frequency 

content of  tf  in a frequency interval centered 

around 
1

00

 s  at the time interval centered 

around 0t . The continuous wavelet transform 

maps a signal of one independent variable t  of two 

independent variables ,s [8], [9]. Thus, from a 

computational point of view, this transform is not 

efficient. One way to solve this problem is to sample 

the continuous wavelet transform on a two 

dimensional grid  
kjjs ,, . If we choose the dyadic 

scales 
j

js 2  and 
j

kj k 2,   we obtain the 

dyadic discrete wavelet transform: 

 

       ttfkfW kj

jj

,,2,2   (5) 
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where  ,  denotes the inner product in  RL2 . 

The dyadic sampling is a very natural choice for 

computers. We can construct functions [5]: 
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to form an ortonormal basis for signal 

representations. A multiresolution analysis consists of 

a sequence of embedded closed subspaces such that 

they possess the following properties: upward 

completeness, downward completeness, scale 

invariance, shift invariance, and existence of an 

orthonormal basis [12], [10]. The decomposition 

process can be iterated, with successive 

approximations being decomposed in turn, so that one 

signal is broken down into many lower resolution 

components [3].  

  
 

Fig. 1 Three-Stage Two-Band Analysis Tree 

 

  
 

Fig. 2 Frequency bands for the Analysis Tree 

 

For discrete-time signals, the dyadic discrete wavelet 

transform (DWT) is equivalent, according to Mallat’s 

algorithm [1] to an octave filter bank, and can be 

implemented as a cascade of identical cells (low-pass 

and high-pass finite impulse response (FIR) filters) as 

illustrated in figure 1. These filters split the signal’s 

bandwidth to half. Using downsamplers after each 

filter, the redundancy of the signal representation can 

be removed [7]. This is called the wavelet 

decomposition tree. The first stage divides the 

spectrum into two equal parts [5],[6]. The second 

stage divides the lower half into quarters and so on. 

This results in a logarithmic set of bandwidths as 

illustrated in figure 2. 

 

 

2. The ECG signal  

The electrocardiogram, or the ECG, is a time-

varying signal that measures the electrical activity (on 

the surface of the human body) of the heart. The 

cardiac cycle involves a sequential contraction of the 

atria and ventricles. Each heartbeat is a complex of 

distinct cardiac events, rep-resented by distinct 

features in the ECG waveform. These features 

represent either depolarization (electrical discharg-

ing) or repolarization (electrical recharging) of the 

muscle cells in particular regions of the heart. Figure 

1 shows a (human) ECG waveform and the associated 

parameters. The QRS complex is the most preeminent 

waveform within the ECG signal, with normal 

duration from 0.06s to 0.1 s. It reflects the electrical 

activity within the heart during the ventricular 

activation. The basic characteristics of the ECG that 

medical experts examine are related with the 

recognition of almost all ECG parameters is based on 

a fixed point identifiable at each cycle. R-peak is 

suitable for use as the datum point, because it has the 

largest amplitude and sharpest waveform that can be 

extracted from ECG. 

 

  
 

Fig. 3 The ECG signal 

 

The standard parameters of the ECG waveform 

are the P wave, the QRS complex and the T wave. 

But most of information lies around the R peak. 

Additionally a small U wave ( with an uncertain 

origin) is occasionally present. The cardiac cycle 

begins with the P wave, which corresponds to the 

period of atrial depolarization in the heart. This is 

followed by the QRS complex, which is usually the 

most relevant (recognizable) feature of an ECG 

waveform. 
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3. Method and materials  

The parameters of the ECG signal are obtained by 

the wavelet decomposition dyadic tree (DWT). Bi-

orthogonal wavelets were used. To estimate the said 

ECG parameters in this work the following algorithm 

was used: The ECG signal data for analysis is 

selected (its length is 60 s (meaning 7680 at 128 Hz 

sampling rate)). At first a 4th level wavelet 

decomposition is performed, using bi-orthogonal 

wavelet functions. After that follows the 

determination of the R wave location (as local 

maxima) on first level approximation (first scale). An 

adaptive threshold is used (related to the maximum 

and mean values of the signal), to find the points over 

this value. After that, the R peaks are selected and 

stored in a parameter data vector. The R-R intervals 

detection is calculated as distances (in time) be-tween 

detected R waves [10]. The Q, S points are taken as 

local minimum points before and after R waves. QRS 

complex’s area can be calculated from the Q-S 

duration and the value of the R peak (as a triangle 

area). Eliminating the QRS complex from the signal 

(replacing zeros between detected Q and S points) 

allows us to obtain the remaining parameters. 

Detection of the T wave location (as new local 

maxima at scales 3, 4) is performed with the same 

procedure as for R peak detection.  
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Fig. 4 Identified R peaks on signal and on first average 

decomposition 
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Fig. 5 Identified Q and S points 
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Fig. 6 ORS complex elimination 
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Fig. 7 T waves identification es new maxima 

 

4. Results 

This algorithm, developed for single lead ECG 

signals, leads to determine the main parameters as R 

to R duration, P and T waves localizations, Q-T, P-Q 

durations. Were used over 27 files from the MIT-BIH 

Database, signals containing normal sinus rhythms 

and signals with abnormalities in order to find the 

main parameters. It has been shown [5] that bi-

orthogonal wavelets are ideally suited for the purpose 

since they excite the various morphologies of the 

ECG signals at different scales.  
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Fig. 8 P, T waves identification 
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The results depend on the shape of the signal. 

If the signal are well filtered previously, the 

identification results are better. Also, norming the 

signal, the estimated threshold can be more general 

(percentage of the value of the signal). This study 

found a simple method to determine the main ECG 

signal parameters, the main advantage is that these 

can be applied over and over, because the peak 

detection is carried out in the same way for every 

peak. The results obtained (processing mainly ECG 

signals from normal sinus data-base) were compared 

with annotated files from ECG data-bases, and gave 

good results: 

R wave detection around 90%, R-R interval 

(HRV) determination 88% QRS complex detection 

over 90%, T wave detection or localization 81%, P 

wave detection or localization 78%. (over 33 files 

used from MIT-BIH database, signals were denoised 

and with the baseline drift removed). The present 

study is based on bi-orthogonal wavelets. It has been 

shown [5] that these wavelets are ideally suited for 

the purpose since they excite the various 

morphologies of the ECG signals at different scales.  
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Abstract 

Nowadays, the majority of human-computer interaction (HCI) is based on mechanical 

devices such as keyboards, mouse, joysticks or gamepads. The emergence and widespread 

use of Web cameras help develop a new approach to human-computer user interface that 

is the visual. In this paper is presented the design and construction of human – computer 

interface using a webcam, to recognize and interpret a number of hand gestures (detected 

using RGB and HSV models of color) and use them as a test in mouse control. The amount 

of computation required to process the hand gestures is much higher than that of 

mechanical devices, however, standard desktop computers are now fast enough to handle 

this approach. 

 

Key words: color models, skin color, mouse, hand gesture, digital image processing 

 
 

1. Introduction 

People communicate primarily through vision 

and sound; therefore a human-machine interface is 

more intuitive if it would use more video and audio 

recognition.  

Unlike audio controls, a visual system would 

be preferable in noisy environments or in situations 

where the sound would cause a disturbance. 

Tracking human hand gestures has been an 

important subject of research for years. All existing 

systems have their advantages and their drawbacks. 

Hand detection is a preliminary step whereas a 

large number of applications aimed at human-

computer interaction, surveillance, gesture 

recognition, hand tracking and understanding human-

human interaction. 

There are multiple and diverse approaches to 

track human movements using video cameras, of 

which will briefly present some of the most used. 

Hand and gesture detection using gloves 

Systems involving instrumented were the first 

to give useful results and are still the technology that 

provides the most reliable data. However such gloves, 

including the wireless ones, are cumbersome because 

they are not as thin as silk gloves and need to carry 

sensors. [7] Many gesture recognition applications 

resort to the use of uniquely colored gloves or 

markers on hands or fingers. [8] 

Hand and gesture detection using Hidden 

Markov Model 

Another class of methods is formed by those 

that track the movement of the hand to recognize 

dynamic gestures. The detected hand motion is 

usually sent to a Hidden Markov Model procedure. T. 

Starner uses this to recognize sentences in sign 

language composed of roughly 40 signs. This 

technique is quite efficient but limited since it cannot 

detect the difference between two gestures involving 

identical global motion but a different hand shape. It 

is limited also by the fact that using only one camera 

does not allow to easily measuring motion in the 

depth plane. [4] 

Hand and gesture detection using 3D analysis 

The most complex class of methods includes 

those that rely on 3-dimensional analysis. Most of 

them fit features of the projection of a 3-dimensional 

articulated model to image features, which tends to be 

easier when using multiple-views and fitting 3D 

models to 3D data. The most commonly used features 

are contours, shading and stereo. [7] 

Hand and gesture detection using skin color 

Most attempts to detect the hand of the video 

put restrictions on the environment. Skin color is 

surprisingly uniform, so color-based hand detection is 
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possible. Finding hand region using color images is 

not difficult because the nature of skin color has its 

own unique value and can easily being processed. To 

date, various color models have been proposed for 

skin color detection, e.g., the YCbCr color space, the 

RGB color space, normalized RGB and HSV (Hue, 

Saturation, Value). [9] 

This final approach is used in this paper. In the 

following sections will be presented the theoretical 

aspects and implementation used to produce human-

computer interface. 

 

2. Used color models 

RGB color model 

In this model each color is represented using 

primary spectral components of red, green and blue. 

This model is based on a Cartesian coordinate system. 

Color space is represented by a cube which has three 

corners colored in red, green and blue and the other 

corners are colored in cyan, magenta, yellow, black 

and white. Black is the origin of RGB system, and 

white is situated diagonally opposite the black color. 

A gray scale level (points with equal values of the 

three components RGB) from black to white is on the 

straight line joining these two points of color. Colors 

of this model are either the surface or within the RGB 

cube, and are defined by vectors that go from the 

point of origin. 

In fig. 1, it is considered that the three 

components RGB values are normalized in [0,1]. 

 
Fig. 1. RGB cube [3] 

 

The images represented in RGB color model 

consist of three image components, one for each 

primary color. The number of bits used to represent 

each pixel in RGB space is called pixel depth. It is 

considered an RGB image where each image 

component (red, green and blue) is an 8-bit image 

(each point of such an image is an 8-bit value). In this 

context, each pixel RGB color (it is a triplet of values 

(R, G, B)) will have a depth of 24 bits. The term total-

color image is usually used to denote an RGB color 

image on 24-bit. The total number of colors in a 24-

bit RGB image is (2
8
)

3
 = 16.777.216.[3] 

HSV color model 

The HSV (Hue, Saturation, and Value) was 

formally described in 1978 by Alvy Ray Smith, 

although the concept of describing colors in three 

dimensions dates to the 18th century. [11][6]  

One way of viewing the HSV model is cone 

(fig. 2). In this design, color hue is depicted as a full-

dimensional cone color wheel. 

- The hues are represented by the angle of each 

color in the cone relative to the 0° line, which is 

traditionally assigned to be red. [1] 

- Saturation is the distance from the center of a 

circular cross section of the cone, and the value is the 

distance from the end, sharp point of the cone. 

Saturated colors are on the outer edge of the cone, 

and the grayscale (which have no saturation) are 

toward the center. 

- Value is how brightness varies with color 

saturation. It ranges from 0 to 1, which are 

normalized values. If the value is "0" color space will 

be completely black. Value increases with increasing 

brightness and color space and color will look 

different. Value "1" will not look white, but color will 

look best possible light. [1] 

Some representations use a hexagonal cone, or 

hexcon instead of a circular cone (fig. 2). Hexcon 

model is an attempt to transform the RGB color cube 

dimensions in a set of dimensions that shape how the 

mixing of colors used by artists. [11] This method is 

very suitable for viewing the entire HSV color space 

into a single object; however, three-dimensional 

nature is not well suited to color selection in two-

dimensional interfaces. 

 
Fig. 2. Cone-shaped representation of HSV model 

 

Color conversion from RGB color model to 

HSV color model 

Having an image in RGB format, part V for 

each pixel is obtained using the relationship: 

V = max (R, G, B)    (1) 

Let consider: 

X = min (R, G, B)   (2) 

The saturation is given by: 
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relation: 
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In the relations mentioned above (14) it was 

considered that the RGB values are normalized in the 

interval [0,1]. Hue values can be normalized in the 

interval [0,1] by dividing all values obtained with 

relation (4) to 360
o
. The other two components of the 

HSV model have values within. [0.1]  

Conversion of mathematical relationships in 

the model RGB HSV model will not be submitted 

because they were used in the present application. 

 

3. The system architecture 

As it can see in fig. 3 the system hast two main 

blocks: 

- the image acquisition block; 

- the hand detection and gesture interpretation 

block. 

 
Fig. 3. The system architecture 

 

The digital images was acquired from a 

webcam (build-in the display of notebook or 

connected via USB interface to computer) using 

DirectShow architecture provided by the DirectX9. 

Each acquired image is in RGB24 format that is 

filtered by sharpening filter for Gaussian noise 

reduction before hand detection. After hand detection 

the obtained image is filtered by minimal and 

maximal filters for “salt” noise reduction and 

highlighting the hand. The mouse position is set 

depending on the hand position (given by the gesture 

interpretation module) in the acquired image. Also, 

the gesture interpretation module provides the hand 

orientation that will be used for the future 

developments of the system. 

 

4. The description of the used algorithm and 

the experimental results 

The used algorithm involves the following 

steps per frame: 

Step1. The acquisition of the image; 

Step2. Gaussian noise reduction using a 

blurring filter; 

Step3. Detection of the hand pixels; 

Step4. “Salt” noise reduction using block 

minimal filter; 

Step5. Highlighting the hand region, using 

block maximal filter; 

Step6. Determining the hand position and 

orientation; 

Step7. Set the mouse cursor position. 

The blurring filter is implemented using the 

following convolution mask (that approximates a bi-

dimensional Gaussian shape): 
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The detection of hand pixels is performed 

using two sets of conditions [5] in RGB color model 

and one of conditions in HSV color model.  

Under the RGB color model the first set of 

conditions corresponds to the skin color at uniform 

daylight illumination: 

R > 95, G > 40, B > 20   (6) 

Max {R, G, B} − Min {R, G, B} > 15 (7) 

|R − G| > 15, R > G, R > B  (8) 

The second set of conditions (under RGB 

color model) corresponds to the skin color under 

daylight lateral illumination 

R > 220, G > 210, B > 170  (9) 

|R − G| ≤ 15, B < R, B > G  (10) 

Under the HSV color model the set of 

conditions is given by the following relations 

determined from fig. 4. 

Hue = 0.0 ÷ 0.1, Saturation = 0.05 ÷ 0.7 (11) 

Hue = 0.9 ÷ 1, Saturation = 0.15 ÷ 0.4 (12) 

Hue = 0.925 ÷ 1, Saturation = 0.4 ÷- 0.5 (13) 

 
Fig. 4. The skin color distribution in HSV model [10] 

 

Minimal filtering is performed by sliding a 

window across the pixels of a picture and ranking the 

pixels in the window in ascending order. The first 

pixel will be placed in the output image in the 

location corresponding to the center of the window. 

The maximal filtering is like the minimal filtering 

with the difference: after ranking the pixels, the last 

pixel (from the ordered rank) will be placed in the 

output image in the location corresponding to the 

center of the window. [2] 

Applying the first five steps from the 

described algorithm to the image from fig. 5a it will 

be obtain the image from fig. 5b, where the biggest 

area with white color represent the hand. 
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a)   b) 

Fig. 5. a) The acquired image with webcam b) The 

hand region after Step 5 

 

For hand position and orientation need to 

determine four points of interest that belong to hand 

area. These points has the following signification: 

first point (xPos,yPos) represent the highest point of 

the hand, the second point (x1,y1) represent the 

leftmost point of the hand, the third point (x2,y2) 

represent the rightmost point of the hand and the 

fourth point (x3,y3) is determined from the other tree 

points presented above. The coordinates of the fourth 

point are determined by 

x3 = ( x1 + x2 ) / 2   (14) 

y3 = yPos + ( ( y1 + y2 ) / 2 – yPos )  2 (15) 

In images from fig. 6 it can see the points of 

interest described above. 

 

  

  
Fig. 6. The points of interest used for hand position 

and orientation 

 

The mouse position is given by the position of 

the highest point of the hand.  

If we draw two horizontal lines through the 

first and fourth points of interest and other two lines 

through the second and third point of interest we will 

obtain a rectangle which includes the hand area. 

Depending on the shape of the rectangle (as it can see 

in fig. 7) and the values of y1 and y2 is determined 

the orientation of the hand. Each hand orientation 

represents a hand gesture. 

 
Fig. 7. Possible shapes of the rectangle which include 

the hand area 

 

In fig. 8, 9, 10 and 11 are presented the hand 

gestures recognized by the system. 

 

 
Fig. 8. Recognition of the vertical hand orientation 

(see the text box encircled by red color) 

 

 
Fig. 9. Recognition of the right inclination of the hand 

(see the text box encircled by red color) 

 

 
Fig. 10. Recognition of the left inclination of the hand 

(see the text box encircled by red color) 
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Fig. 11. Recognition of the horizontal hand 

orientation (see the text box encircled by red color) 

 

5. Conclusion 

In this paper, it was designed and implemented 

a system of detection and interpretation of hand 

gestures.  

The image is acquired from any capture device 

connected to the computer.  

The system is robust and indifferent to 

changing lighting conditions. It works for different 

skin tones, so the system becomes universal.  

Processing is done in a short time so that the 

application is in real time.  

The interface is very simple, having only one 

exemplary role. Besides starting and stopping the 

processing, the user does not have any other 

interaction with it. Processing does not require its 

existence.  

Processing results are displayed in the 

interface so the user has access to these results. By 

displaying the image processed with unprocessed 

image, the results can be seen (in comparative 

manner) much better. 

The system recognizes more hand gestures and 

positions. Also, the system interacts with the 

operating system by sending events that cause the 

mouse movement. 

The orientation of the hand will be used for 

future development of the application. 

The performance of the application may be 

influenced by the presence in image of other skin 

areas belong to other part of human body or by the 

background objects with skin color like (i.e. pieces of 

furniture). 
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ABSTRACT
The composition method, security protocol specification and middleware, developed in our previous
work, are used in the process of composing Web services that use heterogeneous security protocols.
Existing solutions rely on using standard security protocols that must be implemented by all Web
services for the composition to be successful. This way, services implementing new protocols can
not be composed with existing ones. This is why, the main contribution of the paper is the integration
of automated security protocol composition methods in the field of Web services. Based on this
middleware, we present a new video surveillance system, where services are automatically composed
and security protocols are automatically implemented.

Keywords: Security protocols, Web services, composition, middleware, WSDL.

1. Introduction

Security protocols are “communication protocols dedi-
cated to achieving security goals” (C.J.F. Cremers and S.
Mauw) [1] such as confidentiality, integrity or availability.
Achieving such security goals is made through the use of
cryptography. The explosive development of today’s In-
ternet and the technological advances made it possible to
implement and use security protocols in a wide range of ap-
plications such as sensor networks, electronic commerce,
routing environments and Web services.

In this paper we propose to use the composition meth-
ods developed in our previous work [2] in the field of Web
service composition. The composition process ensures that
new services are created from several initial services. There
is a great amount of literature dealing with the composition
of service capabilities [3, 4]. However, aspects related to
the composition of security properties are not handled, ser-
vices must implement the same security protocols. Over
the years, there have been several security protocols pro-
posed for ensuring inter-domain propagation of security to-
kens [6, 7]. Using this approach, services implementing het-
erogenous security protocols can not be composed.

In order to facilitate the composition of Web services
that implement heterogenous security protocols, we pro-
pose a new middleware. The proposed middleware makes

sure that both Web service capabilities and security proto-
cols are composed. For each Web service we provide a de-
scription of its capabilities, with preconditions and effects
and a description of the sequence of security protocols it
implements. Security protocols are described using speci-
fications constructed from existing technologies: WSDL-S
[8] and OWL [9]. In order to prove that the proposed mid-
dleware can be used in the composition process of heteroge-
nous Web services, we developed a new video surveillance
system.

2 Composition

The role of the composition process is to create new,
composed services, with an accumulated set of properties.
These properties include service capabilities, and, as a nov-
elty introduced by the paper, composition of security proto-
cols. In this section we present our proposal for solving the
composition problem of Web services implementing hetero-
geneous security protocols.

2.1 Composition of service capabilities

This type of composition must ensure that the capabili-
ties provided by services can be combined with the capabil-
ities of other services.
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 Because the main goal of this paper is the composition
of security protocols, the composition of service capabili-
ties is handled simply by using the preconditions and effects
defined for each service. If the reader is interested in other,
more complete composition methods that also involve de-
structive properties or data flow, these are available in the
literature [3, 4].

For each service, we define a set of preconditions and
effects. Let ε be the set of preconditions of a service that
denotes the type of data that can be received. Also, let ε′ be
the set of effects corresponding to a composed service, de-
noting the type of data generated by the service. Then, for a
given service SR, preconditions and effects are represented
as εSRε

′.
For N services, the composition of service capabilities

reduces to finding the sequence for which ε′i = εi+1, where
i = 1, N − 1, N ≥ 2 and ε1 = φ. This means that the data
corresponding to service preconditions must be available
for each service and the set of preconditions correspond-
ing to the first service must be empty, denoted by φ in the
previous equations.

2.2 Composition of security protocols

The composition of security protocols must ensure an
accumulation of security properties and must have a non-
destructive effect on the security properties of the original
protocols. This is not a trivial task, even when there is a hu-
man factor available [11, 12]. However, for the composition
of security protocols in an on-line environment, the human
factor can not be present, meaning that the entire composi-
tion process must be automatic.

Such a composition method was proposed by the authors
in their previous work [2]. The key to eliminate the human
factor is using an enriched protocol model, with the draw-
back that modifying security protocols in case of unsatis-
fied conditions is not possible, at least for now. This means
that if services implement protocols with destructive secu-
rity properties, the composition will not be successful.

The composition involves two phases: composition of
preconditions and effects (i.e. PE-composition) and the
composition of protocol chains (i.e. PC-composition). The
first phase establishes if the knowledge required by protocol
participants to run a given protocol, expressed through the
form of precondition predicates, is available and if the set of
precondition and effect predicates is non-destructive. The
second phase establishes if the composed protocol chains
are non-destructive on the initial security properties.

The PE-composition uses two predicates: PART PREC :
T∗ × PR CC∗ × PR CC∗, to verify if knowledge is avail-
able to participants, and PART NONDESTR : PR CC∗ ×
PR CC∗ × PR CC∗, to verify if precondition-effect pairs
are non-destructive, where PR CC denotes the set of pre-

conditions and effects. These are applied on all participant
model pairs.

The PC-composition uses a canonical model that focuses
on terms that can be verified by protocol participants. For
each term the canonical model provides a corresponding
syntactical representation through the use of basic types.
These denote the terms that can be verified by protocol par-
ticipants also including a representation for terms that can
not be verified because of limited participant knowledge.
The verification process uses these types to decide if attacks
can be constructed on each protocol model by using terms
extracted from the other considered protocol models.

In order to compose two participant chains these must be
instance independent and canonical independent. The first
condition refers to the non-destructive properties of precon-
ditions and effects while the second condition refers to ver-
ifying the independence of the involved participant chains
based on the canonical model. If protocols are independent,
then they maintain their security properties when they are
run in the same context. By using this property in the com-
position process, protocols maintain their security proper-
ties, resulting new protocols with accumulated properties.

3 Security protocol specifications

Constructing a new specification is not a trivial task, if
we just look at the information required to be included:
preconditions, effects, types, message sequences, security
properties, protocol roles, etc. This task becomes even more
complex when we realize that by automatically composing
security protocols we get new protocols that must be auto-
matically implemented by services.

In order for security protocols to be automatically imple-
mented, specifications must also include implementation-
related information such as: cryptographic algorithms and
modes, cryptographic key sizes, generated random number
size, etc. These requirements, added to the information re-
quired by the composition, makes the construction of a new
specification even more problematic.

By inspecting the technologies available in the field of
Web services, we realize that there are several possibilities
that can be adapted to comply with the formulated require-
ments. From these, in our previous work [14], we have cho-
sen WSDL-S and OWL to be the components from which
specifications are constructed. Each protocol participant is
described by a pair of WSDL-S and OWL files, as shown in
figure 1.

The role of the WSDL-S component is to describe the
message sequences and directions that must be executed by
protocol participants. Each WSDL-S component contains
the participant’s role in executing the protocol (i.e. initiator,
respondent or third-party), protocol preconditions, protocol
effects and message sequences.
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 The role of the OWL component is to provide semantic
information such as the construction, processing and im-
plementation of cryptographic operations (e.g. encryption
algorithm, encryption mode, key). This is connected to the
WSDL-S component via annotations.

Fig. 1. Specification components for a proto-
col participant

4 Middleware architecture

4.1 Service oriented architecture

Client applications are able to access resources by first
locating them, followed by the download of the service and
security protocol specifications and by the execution of an
authentication sequence. The services provided by the plat-
form must provide a way to publish, locate, compose and
automatically access resource services. In addition, in order
to face the challenges of rapidly changing protocol specifi-
cations, the protocol implementations must provide flexible
and extensible components.

Based on these requirements, we define four types of ser-
vices: name services, specification services, authorization
and composition services and resource services. Name ser-
vices (NAME-S) are implemented through UDDI [5] reg-
istries and are used to register, identify or locate existing
services. Specifications are stored and managed by specifi-
cation services (SPEC-S). Specifications are implemented
using Web service technologies such as SAWSDL [10],
WSDL-S [8] and OWL [9]. Authorization and composition
services (AUT-S) implement the verification mechanisms of
client credentials and ensure the composition of service ca-
pabilities and security protocols. Finally, the resource ser-
vices (RES-S) implement a set of capabilities provided for
client applications.

Accessing resources by a client application is done in
several steps, as shown in figure 2. First, the client must es-
tablish the set of services implemented by the system (step

1). In order to access a resource or a set of resources, the
client must be authenticated, its rights must be verified and,
if necessary, resources must be composed. This is done by
accessing the AUT-S service, for which the specifications
must be first downloaded. The client requests the location
of AUT-S and SPEC-S (step 2) from NAME-S, followed by
the request of the specifications for AUT-S (step 3). The
request for accessing RES-S is sent to AUT-S (step 4), con-
taining the user credentials. These are verified (step 5) and a
security token is generated by AUT-S that is sent to RES-S
(steps 6, 7, 8). The client receives the generated token and
sends it to RES-S (steps 9, 10, 11), after which it is able to
access the capabilities provided by the resource.

Fig. 2. Accessing services

4.2 Software architecture

The architecture of the software stack is given in figure
3. We identified two main layers: the communication layer
and the service layer, given in figure 3.

The communication layer provides the implementation
of the service and security protocols needed to access ser-
vice capabilities. It is built on existing network and XML
message-based protocols. Security protocols are imple-
mented using extensions of the WS-Security standard, pro-
vided in our previous work [13]. The extensions consist
of XML constructions for user names and binary keys re-
quired by key exchange and authentication protocols. The
automated execution of security protocols is based on speci-
fications developed using existing Web service technologies
such as WSDL-S [8] and OWL [9], presented in the follow-
ing sections. Service protocols are described by SAWSDL
[10] specifications and are specific to each service. Name
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Fig. 3. Software stack

services define a set of messages for interrogating service
registry, while specification services define messages for
downloading specifications. Authorization services define
messages for requesting access to services and to send se-
curity tokens. Resource services provide two types of speci-
fications, for each external entity accessing them. The AUT-
S specifications provide messages for setting user security
tokens, while the client specifications provide client access
messages.

The service layer provides the implementation of ser-
vice capabilities. The capabilities of NAME-S, SPEC-S and
AUT-S have already been discussed before. The capabilities
of RES-S are specific to each implementation, ranging from
video image capabilities to data storage capabilities. In or-
der to implement new resource services, the only compo-
nents that require change are the capabilities and the service
protocol specifications. The security properties of commu-
nications with new resources are ensured by the underlying
communication layer that remains unchanged.

5 A new video surveillance system

5.1 Motivation

Over the last decade, because of increasing security con-
cerns, video surveillance systems have received significant
attention from both the research and industry communities.
The use of surveillance systems has become a necessity
in airports, traffic, subways, stores and even homes. The
requirements for developing such systems, formulated by
Ostheimer et al [15], include affordable hardware require-
ments, low bandwidth consumption and access control pro-
cedures.

The use of the Internet to transfer video images between
distributed nodes has made it possible to expand the appli-
cability of these systems to remote surveillance [16], allow-
ing the distribution of nodes across multiple countries and
continents. By using the Internet, surveillance systems also

adopted modern security protocols such as TLS or VPN to
secure data transfers.

In this section we propose a Web service-based approach
for implementing video surveillance systems. The proposed
system is based on the platform presented in the previous
sections and comes with multiple advantages over existing
video surveillance systems. First, using existing transport or
network layer security in closed environments protected by
firewalls or NATs, where access is granted only to HTTP-
based protocols becomes a possibility, as opposed to ex-
isting systems. Second, the XML-based protocols provide
much more flexibility than the binary ones currently used.
Third, video surveillance can be applied in systems with
heterogenous security protocols, where video services are
automatically composed to create more complex services.

5.2 System components

The proposed video surveillance system defines three
types of resource services: capture services, saving services
and replay services. Capture services (i.e. CAP) are used
for the actual capturing of video images from connected
hardware. These frames can be sent directly to user applica-
tions or they can be saved for future visualization. Frames
are stored by the saving services (i.e. SAVE) that also deal
with the distribution of the captured frames to multiple stor-
age hardware. Saved frames can be viewed by using replay
services (i.e. REPL).

To store the captured frames, we apply composition op-
erations on a SAVE service and multiple CAP services. By
composing SAVE with CAP services we can define time-
based replay synchronization operations for REPL services.
Composition operations are handled by the COMP service
which composes service capabilities and security protocols
used in the communication process.

5.3 Experimental results

The experiments we conducted focussed on measuring
the time required to access single and composed resources
and on the time required to transfer data between services
and client applications. For each resource type we used a
different station with the same hardware configuration: In-
tel Dual Core CPU, 1.8GHz, 1GB of RAM, Windows XP
OS.

First, we measured the accessing time of single resources
(i.e. that do not require composition). As shown in figure
4, operations such as locating and downloading specifica-
tions clearly affect system performance. If specifications
are not saved, accessing time of single resources is on aver-
age 580ms. If specifications are saved, the accessing time
drops approx. 200ms. The peaks from the figure denote the
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 cases when the authorization service also needs to down-
load specifications for the requested services.

Fig. 4. Accessing time of single resources

Next, we measured the actual time required for the com-
position of specifications. Measurement results are shown
in figure 5. The performance of the PE-composition and of
the PC-composition is relatively good, considering that the
composition takes around 450ms for 50 resources. How-
ever, the composition time is also influenced by the size and
number of specifications, as shown in the same figure. Thus,
the actual processing of specifications can reach almost 2.5
seconds for 50 resources.

Fig. 5. Specification composition time

While accessing composed resources, users do not only
have to wait for the composition of specifications, but they
also have to interrogate multiple services, such as the name
service or specification service. Also, in the composition

process the authorization service must connect to all re-
source services involved, must download their specifica-
tions and must compose them. These operations all con-
tribute to the total accessing time for composed resources,
as shown in figure 6.

Fig. 6. Accessing time of composed re-
sources

Another aspect we measured was the time needed for
frames to reach client applications in case of composed re-
sources. We considered the two types of resources men-
tioned at the beginning of this section: SAVE (i.e. SRES-S)
and VIDEO (i.e. VRES-S). We composed 2 to 50 VIDEO
resources with a single SAVE resource and we measured
the average time for frames to reach the SAVE service (i.e.
from VRES-S to SRES-S) and the average time for frames
to reach the client application from the SAVE resource (i.e.
SAVE-Client). Because the transfer time is affected by the
size of the frames and by the number of frames/second, we
considered two cases. First, we considered a 5fps frame-
rate, with the size of 10KB for each frame. For this case,
results are shown in figure 7. For another case, we consid-
ered a frame-rate of 10fps with the size of 20KB for each
frame. Results for this later case are shown in figure 8.

6 Conclusions

We presented a new middleware for the automated com-
position of Web services that user heterogeneous security
protocols. The approach used for the composition of secu-
rity protocols was developed by the authors in their previous
work and was implemented in the proposed middleware as
a composition module.

The novelty introduced by the paper is the video surveil-
lance system that can be used to create new, composed
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Fig. 7. Transfer time for 5fps and 10KB/frame

Fig. 8. Transfer time for 10fps and
20KB/frame

video resources. In this paper we composed video capture
with video save resources in order to provide saving capa-
bilities for frames that must be replayed in the future. The
performances of the implemented system are highly depen-
dent on the frame-rate and the size of the capture frames,
which can be improved by using dedicated hardware for
cryptographic operations or XML parsing.
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ABSTRACT 

In recent years, there has been an increasing interest in monocular human behavior 

recognition system. In this paper we present a template based behavior recognition 

approach. We use a simple to complex approach in action recognition by decomposing to 

its basic elements. The human body parts motions are tracked and classified individually. 

The body parts motions are classified using an adapted Dynamic Time Warping (DTW) 

method, an approximation of DTW algorithm that has linear time and space complexity. 

The adapted DTW uses a multilevel approach that recursively projects a solution from a 

coarse resolution and refines the projected solution. 

Keywords: human behavior recognition, DTW, tracking, human detection, Pictorial Structure 

 
1. Introduction 

Human behavior recognition has been receiving 

increasing attention, to the high number of 

applications where can be used. Such applications are 

important in areas related to video surveillance, 

human computer interaction and biometrics aimed at 

identifying individuals trough their actions. 

In this article we are focusing on monocular (i.e. 

system that works with only one camera) behavior 

recognition systems but the algorithm can be 

extended to work on stereovision systems too. The 

behavior recognition system has two big issues the 

first one is the human tracking which represent the 

measurement stage and the second is the recognition 

stage which is the measurement processing stage. We 

will focus here mostly on the second issue.  

The behavior recognition is challenging because 

of the high degree of motions, the coarsest human 

model is represented by 28 dimensions, and missing 

or erroneous measurement. Due the high degree of 

motion, the action can be often classified into several 

categories simultaneously. Some activities have a 

natural compositional structure. Behaviors are 

composed mostly from basic action units (run and 

hand-wave, walk and shake hands).  Even the 

transition between simple activities naturally has 

temporal segments of ambiguity and overlap. 

The research devoted to human motion 

recognition is extensive we refer to [5],[8],[10],[11] 

for comprehensive surveys.  

A common approach to recognize or model 

sequential data like human motion is the use of 

Hidden Markov Model (HMM) on both 2D 

observations [9],[12] and 3D observations. In HMM 

[1], sequential data are modeled using a Markov 

model that has finite states. We must choose and 

determine the number of states in advance for a 

motion, but the motion can has different time length. 

Therefore, it is difficult to set the optimal number of 

state corresponding to each motion.  

Recently, there has been increasing interest in 

using conditional random field (CRF) [2],[3] for 

learning of sequences. The advantage of CRF over 

HMM is their conditional nature, resulting in 

relaxation of the independence assumption, which is 

required by HMM to ensure tractable inference 

[4].But all this method assumes that we know the 

number of state for every motion.  

Other approaches make use of templates or global 

trajectories of motion. Using global trajectories is 

highly dependent from the environment where the 

system is build, and can separate the composed action 

which introduces high interclass variation making 

hard to classify the motion [6],[7]. Another problem 

of using global trajectories in action recognition is 

that is very difficult to find the silence point which 

mark the possible begin of new action. 

The main contribution of this paper is the 

introduction of novel action representation. Using 

decomposition method we can create an environment 

independent representation of different action by 

representing every body part motion relative to its 
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parent. The second contribution is DTW adaptation 

for human motion recognition. 

This paper is organized as follows: in Section 2 

we present the action decomposition/representation, 

in Section 4 we present the adapted DTW and 

template creation procedure. Finally we present our 

experimental result and conclusions. 

 

2. Action decomposition  

Human motion can be represented in many ways: 

silhouette, volumetric representation of motion, 

temporal templates or global trajectories. In our 

framework we used a model-based approach (i.e. 

pictorial structure) to detect the human body (Fig. 1). 

 

 
Fig. 1 – Pictorial structure 

 

We have two convenient ways to represent 

motion: global trajectories, or decomposing the 

motion to its basic elements. Because the human 

motion can be compositional or concurrent the global 

trajectories are not the best choice. Some action need 

only legs for example walk, run, jump, and some only 

the hand: handshaking, waving. For this reason we 

decomposed the action to its basic elements – to body 

part motion. To make the recognition easier we track 

every body part individually and relative to its parents 

body part. Using this approach we can use only those 

basic motions (body part motions) in classification 

which are relevant so we can easily recognize 

composed motion too. The first and most significant 

motion is the torso motion. Here we look at two 

elements the motion relative to the image (global 

motion) and the angular motion. 

 

 
Fig. 2 – Relative motion of the upper leg relative to the 

torso 

 

The torso represents the root of body part in the 

pictorial structure. The upper legs, and upper arm are 

connected to the torso and we analyze only their 

angular motion between 0-360 grades (Fig. 2). 

The lover legs are connected and their angular 

motions are relative to the upper legs. Also the lover 

arm angular motions are tracked relative to the upper 

arm. We do not track the motion of head. Figure 3 

present a time series of motion for the upper arm 

representing the waving action. 

 

 Fig. 3 – Full resolution time series of waving – upper 

arm 

 

Most important point in motion series is the peaks 

and the still (constants) points, because they mark a 

change in the motion direction. Knowing that the 

same action can be done in different speed the time 

between two direction changes in a body part motion 

is not so relevant. 

 

3. Dynamic-Time Warping method for 

behavior recognition 

Body part motions are time series in which every 

measurement is an element from the series with 

constant time periods between them. The best way to 

compare saved template motion and measurement, 

which can be different length time series, is the 

dynamic time warping (DTW) algorithm. The DTW 

compares to time series where we notate the template 

series with T and the measurement with X, of lengths 

|T| and |X|, 

 

                | | 

                | |  (1) 

 

construct a warping path W 

 

              
      (| | | |)    | |  | |   (2) 

 

where K is the length of the warping path and the kth 

element of the warping path is 

 

   (   )  (3) 

 

where i,j are an index from time series X, and T. 

Every index of both time series is needed to be used 
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in the warping path and need to increase 

monotonically in the warp path. 

 

   (   )      (     )      
                  (4) 

 

The minimum-distance warping path is optimal, 

where the distance of a warping path W is 

 

    ( )  ∑     (       )
   
    (5) 

 

Dist(W) is the distance of warping path W, and 

Dist(wki, wkj) is the distance between the two data 

point indexes in the k
th

 element of the warp path. 

A two-dimensional |X| by |T| cost matrix D, is 

constructed where the value at D(i, j) is the minimum 

distance warping path that can be constructed from 

the two time series                 and    
          . The value at D(|X|,|T|) will contain the 

minimum-distance warping path between time series 

X and T. The x-axis is the time of time series X, and 

the t-axis is the time of time series T.  

 

 
Fig. 4. The two time series on x and y axes, and the warp 

path 

 

To find the minimum-distance warp path, every 

cell of the cost matrix must be filled.  

 

 (   )      (   )     ( (     )  (     ) 
 (       ))   (6) 

 

D(i, j) is the minimum warp distance of two time 

series of lengths i and j, if the minimum warp 

distances are already known for all slightly smaller 

portions of that time series that are a single data point 

away from lengths i and j. 

 After the entire matrix is filled, the warping path 

is actually calculated in reverse order  performing a 

greedy search that evaluates cells to the left, down, 

and diagonally to the bottom-left starting at D(|X|, |T|) 

to D(1, 1). Whichever of left, down, and diagonally 

adjacent cells has the smallest value is added to the 

beginning of the warping path found so far, and the 

search continues from that cell. The search stops 

when D(1, 1) is reached. 

To speed up and to avoid the marginalized 

warping path a slop constrain are introduced by 

Sakoe-Chiba [14]. 

 
Fig. 5. The sloping constrain Sakoe-Chiba Band 

 

Our adapted DTW version uses a merged version 

of Fats DTW introduced by Stan Salvador and Philip 

Chan [12]  and the Sakoe-Chiba band constrain.  

The adapted version of DTW algorithm uses a 

multilevel approach with three key operations: 

1) Coarsening – Shrink a time series into a 

smaller time series, that represents only the peak or 

constant vales from the time series. 

2) Projection – Find a minimum-distance warping 

path at a lower resolution, and use that warping path 

as an initial guess for the maximum “resolution’s” 

minimum-distance warp path 

3) Refinement – Refine the warping path projected 

from a lower resolution through local adjustments of 

the warping path. 

 

In the Stan Salvador and Philip Chan’s FastDTW 

algorithm in coarsening step they only compute an 

average of the neighborhood values and run several 

times to produce many different resolutions of the 

time series. Compared to other time series in the 

series representing human body part motions the most 

significant moments are the direction changes. Te 

average operation smooths the time series causing los 

of information. In our approach we make instead of 

averaging heuristic selection of the data keeping only 

the peaks and constant vales from the series. This is 

done by keeping only those    elements from the X if 

the one of the next two conditions is true: 

 

                        (7) 

or  

                       (8) 

 

The resulting time series is a smaller or equal than 

the original time series.  

Using this approximation we can eliminate the 

majority of motion templates without making a 

comparison in full resolution. 

 

 
Fig 6. The original and the shrink time series of waving 

– upper arm 

185 

 



 

 

 

 
Fig. 7. The two resolution of the warp path 

 

Projection takes a warping path calculated at a 

lower resolution and determines what cells in the next 

higher resolution time series the warping path passes 

through.  

This projected path is then used as a heuristic 

during solution refinement to find a warping path at 

the higher resolution. To make it faster we use Sakoe-

Chiba band constrain.  

Refinement finds the optimal warping path in the 

neighborhood of the projected path, where the size of 

the neighborhood is controlled by the shrink 

coefficient between two consecutive points of the 

shrinked series. 

The standard DTW algorithm is run to find the 

optimal warping path for the lowest resolution time 

series. After the warping path is found for the lowest 

resolution, it is projected to the next higher 

resolution.  

To refine the projected path, a constrained DTW 

algorithm is run with the very specific constraint that 

only cells in the projected warping path are evaluated. 

This will find the optimal warping path through the 

area of the warping path that was projected from the 

lower resolution. 

The pseudo code for the adapted DTW algorithm 

is:  

INPUT: X,T two time series of length |X| and |T| 

OUTPUT: The distance and the warp path 

1. Reduce the length of the time series to the 

peaks and constant values 

2. DTW on the coarse time series  

3. Expand Search window using the result from 

DTW 

4. DTW on time series searching only the window 

defined by the previous DTW 

 

The motion templates are computed using dataset 

of labeled motion. For this motions are computed the 

shrinked time series. We choose as starting point the 

median shrinked time series of a motion and using 

warping path we compute a mean of all time series. 

The resulted template will be the same length as the 

median series.  

 

4. Experiment 

Our system use the model based method 

introduced by Felzenszwalb [13] to detect and track 

the human in a video. This method use a statistical 

framework to efficient match a pictorial picture to the 

current frame by minimizing the equation  

          ( ∑   (  )
 
    ∑    (     )(     )    

) 

 (8) 

 

where the pictorial structure model represented as 

an undirected graph      *   +. 
5. The parts are the vertices:     *      + 
6. The edges are the relationships between parts 

(springs). (     )     indicates a connection 

between parts    and   .  

7. An instance of the object is given by its 

configuration      *     +  where    is the 

location of part   . 

8.   (  ) measures the cost of mismatching part 

  . with location   . 
9.    (     ) measures the cost of deforming the 

model when placing    at location    and    at    

We used the detected position and the 

configuration of the pictorial structure to measure the 

speed of torso and to track the relative motion of the 

body part relative to their parents. 

These parameters are compared to the saved 

templates using the enhanced FastDTW and are 

eliminated at early stage if the distance between the 

coarse variant of the series is bigger than a threshold. 

 

 
Fig. 8. Output of the system single person 

 

To construct the templates database we have 

annotated and saved 4 different actions from 10 

different videos. For every body part we compared 

the saved motion series with the adapted DTW. If the 

difference between them were too big we dropped. If 

they were similar we choose the median series from 

them. 

Also we used a feed forward neural network to 

classify the actions. The network has so many inputs 

as templates and the number of outputs is equal with 

the number of trained action. 

We used the saved templates to train the neural 

network.  

For experiments were used indoor scenes with 

simple and composed action. In Fig. 9 we present an 

output of the system.  

Using the adapted DTW the recognition is 2x 

faster as with the FastDTW because we can eliminate 

many of template at the first step at coarse 
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comparison. Using the motion decomposition we 

were able to recognize also the composite action like 

standing and handshaking. 

 

 
Fig. 9. Output of the system two person 

 

5. Conclusion 

We have presented two improvements for human 

action recognition: an efficient representation of 

motion by decomposing to its basic elements and a 

FastDTW algorithm adapted for human motion 

recognition purpose. Both ideas can be improved. In 

case of the body part motion the angular motion can 

be decomposed to two time series one which contains 

the low frequency variation and one with high 

frequency time series. The low frequency will 

represent the position, and the high frequency will 

represent the short action of the body part.  

On adapted DTW we can introduce more 

constrain in coarsening step to reduce more the length 

of time series and speed up more the recognition 

procedure. 

We also can improve the recognition framework 

by introducing a Self Organizing Incremental Neural 

Network instead of feed forward neural network. 
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ABSTRACT 

We propose a platform for distributed multimedia applications, which simplifies the 

development process and at the same time ensures application portability, flexibility and 

performance. Also this is a solution for adding streaming components that can change the 

transfer and presentation rates automatically, relying on a monitoring and control 

component. The platform is based on Mozilla technologies so it is portable across 

different platforms. It is implemented using the Netscape Portable Runtime (NSPR) and 

the Cross-Plaform Component Object Model (XPCOM). 

Keywords: component based development, multimedia streaming, SOAP, adaptive stream control 
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ABSTRACT 

The project monitoring and control is performed to measure the actual values of project 

planning parameters and comparing them to the estimates from the plan identifying the 

deviations. If the project’s performance deviates significantly from the plan, appropriate 

corrective actions should be defined. Visual representation of the plan can help project 

managers to follow easier the progress of the project and take the right decisions. 

Starting with the 1980s the Gantt became the most common technique for project 

planning visualization which works well in case of plan-driven project life cycles. For 

agile project progress visualization the burndown chart was introduced, which can be a 

powerful tool for any project.  This paper presents how to use burndown charts to 

monitor project progress and presents a method to monitor project performance. 

Keywords: project management, cost estimation, earned value management, time delivery, burndown chart 

 
1. Introduction 

All projects need to be performed and delivered 

under certain constraints. Traditionally, these 

constraints are categorized as scope, time and cost 

constraints. Later other two were added to this list: 

quality and risk. The project performance 

management is the activity which monitors the 

project, controls it whenever is needed to achieve the 

preset performance criteria, holds the team 

accountable and keeps the management team 

informed. Its purpose is to give answers anytime on 

question like: How is your project coming along? 

Preferably, the answer should relay on performance 

models consisting from measurements and 

performance indicators built to observe and track the 

project constrains. 

The project performance model described in this 

paper was defined within Sysgenic Group as a 

combination of three existing project management 

techniques: Earned Value Management (EVM), 

Earned Schedule (ES) and the time-budget burndown 

charts used for the project status, progress and 

predictions illustration. 

 

2. The performance model  

EVM is a project management technique for 

measuring project progress. It combines the 

measurements of scope, schedule, and cost in a single 

integrated system indicating early any performance 

problems [1]. The technique was extended in 2003 by 

Walt Lipke [2] who introduced the ES model to 

correct EVM’s schedule related measures (Schedule 

Variance - SV, Schedule Performance Index - SPI) 

which were indicating incorrect status at the 

completion of a project with schedule delays. Many 

researchers studied the correctness and validity of ES, 

the conclusion [3][10] was that EVM and ES 

techniques complement each other perfectly and their 

combination offers a great tool for project 

performance measurement and control. This way, the 

performance model defined at Sysgenic Group was 

built based on the EVM indicators, such as: Cost 

variance (CV), Cost Performance Index (CPI), To 

Complete Performance Index (TCPI) and based on 

the ES indicators, as: Schedule Variance (SV(t)), 

Schedule Performance Index (SPI(t)), To Complete 

Schedule Performance Index (TSPI), calculated based 

on the Earned Schedule (ES), Earned value (EV), 

Actual Cost (AC), Planned Value (PV) measures, as 

they were defined in the original models [1][2]. Our 

biggest challenge while defining the model was how 

to define and measure the earned value of the work 

done.  

The selected solution was to calculate the Earned 

Value based on continuous estimation of the 

remaining work, which means a continuous 

adjustment of the initial estimation. More exactly the 
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earned value was defined as the difference between 

the planned total work and the estimated work 

remaining: 

 

)1(  NEVcumNEACBACNEV  (1) 

 

where N is the number of measurement periods (ex: 

days, weeks, months), EVN is the Earned Value 

measured at time N, BAC is the Budget At 

Completion, the total planned value, EACN - Estimate 

At Completion, the forecast of total costs that will 

needed to complete the project - calculated based on 

past cost performance trends, EVcumN-1 – the 

cumulative earned value calculated till that moment. 

Ideally EAC should be equal to BAC during the 

whole project lifecycle. In real word there is 

difference between them, which could reflect: 

incorrect original estimations, development 

difficulties, scope changes. 

 

3. The steps to follow 

Sysgenic Group has a wide range of projects 

(short, medium and long size, fix cost and/or with fix 

schedule projects), following different methodologies 

(Waterfall, Iterative and Incremental Development - 

IID, Scrum, etc), but the mostly used and preferred 

ones are the IID and the Scrum models. The 

performance model described in the previous section 

can be applied on all projects within the company, 

based on the assumption that any project can and 

should be divided in multiple sub-projects/iterations 

if necessary. These iterations can be the phases of the 

project in case of Waterfall, the iterations in case of 

IID, the sprints in case of Scrum software 

development model usage. 

To apply the model the following steps should be 

followed: 

 Identify the project (goal, scope, constraints)  

 Divide in subprojects if necessary, (let’s call 

the project/subproject focus Work Package - 

WP), 

 Create the Work Breakdown Structure (WBS) 

for the WP, (let’s call the items from the WBS 

list Tasks), 

 Estimate the Tasks one by one, assign them to 

team members, 

 Measure the work progress periodically (N) per 

Task, 

 Reevaluate (estimate) the remaining work 

periodically (N) per Task, 

 Monitor the total remaining time of the project,  

 Update the model and the charts, generate the 

report, 

 Take corrective actions whenever is necessary. 

 

4.  Visual representation 

Inspired and amazed by the power of the chart 

used in Scrum methodology for its iteration 

burndown, we chose to use the same charts to 

visualize all projects progress. The vertical axis of the 

chart is the unit in which the effort is measured 

(hours, story points, artifacts), while the horizontal 

axis is the time (multiple of N). Burn charts have 

become a favorite way of representing the project 

progress, because they are simple and are offering a 

lot of information related the project status and a 

good base for decision making. Their natural 

mapping to the earned value makes them even more 

powerful and 100% applicable for our model. The 

popular phrase: A picture is worth a thousand words, 

is so true is case of progress reporting. There are two 

types of burn charts: the ones which represent the 

progress based on the work done, having increasing 

line slopes; and the others which represent the 

remaining work, with decreasing line slopes. The first 

one are called simply burn charts, the second one 

burndown charts. They both are useful, but the burn-

down charts are more emotionally powerful because 

there generate the special feeling about hitting the 

number zero that helps people get excited about 

completing their work and pressing forward. Since 

most of the measures and indicators within the model 

have the same units, they can be combined and 

presented in the same chart, offering more complete 

information about the status. 

 

4.1 Project progress charts 

The project progress is illustrated in a burndown chart 

with three lines (Fig. 1): 

 (p) the planned (estimated) progress (PV)  

 (s) the remaining work (BAC-EV), reflecting 

the actual progress 

 (c) the cost of the actual work (BAC-AC) 

 

 
Fig. 1. Project progress 

 

The estimated work (p) is calculated based on the 

planned hours of assigned resources, considering their 

productivity coefficient as well [4][12]. 

Then (p) is the representation of Relation (2): 

 

)1(  NPVcumBACNPV   (2) 

 

where PVN is the planned value (effort) for that 

specific period (N). Line (p) will serve as a reference 

for the other two lines. Line (s) is the representation 

of Relation (1); it shows the real progress of the team, 
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the earned value of their work. Ideally this should 

follow line (p), by starting from the total estimated 

work, then decreasing towards level 0, reaching it 

when everything is done. Line (c) represents the 

remaining budget calculated based on the actual effort 

spent by the team till that moment: 

 

)1(  NACcumBACNAC   (3) 

 

Adding the cost related information to the burn 

chart, it will boost its power of providing a wide 

range of information about the project overall status 

[5]. 

 

4.1.1. Budget usage. The relative position of lines 

(c) and (p) shows how the budget is spent compared 

to the planning. If (c) it is above line (p) the budget is 

spent faster than expected. The relative positions 

between (s) and (c) are even more important, since it 

shows how the budget is spent compared to the real 

progress. If line (c) is below line (s) means we’re 

spending the budget faster than our progress is in the 

schedule. If we continue like that, we’ll have a cost 

overrun. (see Fig. 2) 

 

 
Fig. 2. Schedule and cost deviation 

 

Conversely, when the schedule is below the cost 

line, means our real progress is faster than we’re 

spending the budget, which is good. If we carry on 

like that, we’ll finish under budget. In other words, 

the combination of the line (b) and (c) could provide 

information like: the project is under schedule, 

because we are spending less than planned, meaning 

the team isn’t started with full speed yet, or the 

project is on schedule, but the cost are way more used 

then planned because of overtimes. In case of budget 

overruns line (c) will fall below 0 level, while in case 

of under budget will not reach level 0 at all. 

 

4.1.2. Schedule. The relative position of lines (s) 

and (p) reflect if the project is on time, is late - (s) is 

above (p), will be finished earlier – (s) is under (p). 

The graph could be enhanced with safety risk 

margins, by adding to the graph a time reference line 

for the total duration (TD), where TD is = total + 

safety duration. 

4.1.3. Duration and cost forecast. Based on the 

project progress (both schedule and cost) the expected 

finish date and total cost can be predicted. 

Forecast methods can be based on the average of 

the previous measures (ex: average of the last three 

periods), based on historical data [4][11], or by 

calculating the Independent estimate at completion 

EVM indicators both for cost (IEAC) and schedule 

(IEAC(t)) [6]. See line (e) on Fig. 1. 

 

4.1.4. Scope change. Even if the project was 

divided in subprojects, it happens all the time that 

new tasks, requirements are added to the task list. 

This scope changes, if not handled correctly can 

result project delays. Based on Relation (1), there are 

scope changes mostly when the result is negative and 

are visible on the burndown chart as vertical lines (up 

– added scope, down – decreased scope). Every scope 

change will influence both schedule and cost 

estimations of the project. After updating the 

remaining work, the graph will illustrate if the project 

is still doable or not within the agreed Total Duration 

(TD): if the duration forecast line will pass the total 

duration constraint, the project will have a delay. An 

example for added cost is marked on Fig. 1. 

 

4.1.5. Project challenges. The inclination angle 

of the lines (s), (c) provides information about the 

speed of the progress. If it is decreasing slowly (see 

Fig. 3) could mean the project has problems like: the 

team is working on underestimated tasks or on 

unplanned work (ex: the requirements are not clear, 

more communication is needed), blocking issues 

(power failure), the team is not focused, etc. 

Whatever that is, it is sure: smaller inclination angels 

then planned needs PM attention and investigation, to 

find out what the problems are.  

 

 
Fig. 3. Project challenge 

 

4.1.6. What if try outs. Due its simplicity, the 

progress burndown chart can be used also as a tool of 

try out “what-if”. Some example of this kind of try 

outs: can we increase the scope without delaying the 

schedule, or decrease the planned effort without 

influencing the end dates. In other words, adding new 

members to the team would help the project, or can 

people take out free days without affecting the 
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schedule, etc. 

 

4.2. Deviation charts 

Based on the EV, PV and AC other indicators can 

be calculated and illustrated offering more detailed 

information about other area. For schedule and cost 

deviations the SV (t) and CV, or the SPI(t) and CPI 

indicators should be illustrated. See Fig. 4 as an 

example of deviations illustrated for a late project. 

Both lines are indicating a deviation from the 

original plan: the schedule is behind with 40%, while 

the cost is above the planned budget with 38%. While 

using the SPI (t) and CPI indicators, based on the 

company performance expectations, the graph can be 

enhanced with Red-Amber-Green (RAG) colored 

reference lines. 

CPI relates the physical work accomplished 

expressed in its budgeted value, against the actual 

costs incurred to accomplish the performed work. The 

CPI is reflects the project cost efficiency: are we on 

target, under-running or overrunning the planned 

budget? 

Value 1.0 for CPI means perfect cost 

performance, value below 1 is a reflection of 

excessive costs spent against budget. Project 

managers should pay attention on this, since initial 

overruns can be recovered only by under runs, which 

are rarely happening. The same conditions which 

caused the current overruns are likely to occur again 

and again. Values above 1.0 reflect that an under-run 

cost is occurring. That is good, but make sure you 

included all the costs related to the project (ex: also 

work done by purchased labor). The same behavior 

has SPI (t) which reflects information about the 

schedule. 

 

 
Fig. 4. Project deviation 

 

4.3 Prediction charts 

Knowing about the project status, and the 

tendency, the question “What will happen?” is 

justified. Everybody wants to know if in case of 

deviations, the project will succeed it at the end or 

not. By calculating the To Complete Performance 

Index (TCPI) and the To Complete Schedule 

Performance Index (TSPI) we will have an idea about 

the probability of the success. They both are used to 

assess the reasonableness of an estimated final cost 

(EAC) or the total duration (TD), where the EAC and 

the TD can be the original estimations, or the 

predicted ones based on the project progress.  

When TCPI, TSPI are equal to or less than 1.00, 

there is confidence that the EAC, respectively TD can 

be achieved. Conversely, when they are equal to or 

greater than 1.10 the project is considered to be “out 

of control;” the EAC and TD are very likely 

unachievable. A scope adjustment or a budget and/or 

schedule negotiation should be started for readjusting 

the EAC and/or TD values. Between 1.00 and 1.10 

the project status is very fragile; the PM’s actions are 

highly needed for assure the project success. 

Obviously, when TCPI, TSPI are below 1.00 there is 

confidence that both cost and schedule estimated are 

achievable. 

As it is visible in Fig. 5, during the project there 

were several adjustments done on both TD and EAC. 

 
Fig. 5. Project prediction 

 

The moment of the changes where triggered by 

the values of the TCPI and TSPI above 1.2. It is also 

visible that after adjusting the EAC and TD values the 

probability of realizing them falls back to good values 

(below 1.0). The values EAC, TD can be adjusted 

manually, or can be predicted, see section 4.1.3. 

 

4.3 Other charts 

Depending on need, there are many combination 

possibilities to display different metrics, indicators 

together in the same graph. Hereby are some 

examples: 

 [SV(t) and IEAC(t)] to have information in the 

same picture about the deviation and the 

prediction of how long project will take (the 

same goes for CV with IEAC); 

 [CPI and TCPI]: information about the past and 

the future of the project by illustrating the 

indicator for past cost performance and the 

TCPI which indicates the future performance 

(the same goes for schedule as well: SPI(t) and 

TSPI) 

 The project progress can be illustrated as 

cumulated or individual progress, where 

representation of the individual progress will 

reflect the individual productivity of the team 

member. 

 

5. Conclusions 

For successful project management is handy to 

have a measurement model based on which you can 
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take correct decisions for assuring the project success. 

Starting from Parkinson's Law: “work expands so as 

to fill the time available for its completion”, if the 

project is not measured, monitored, easily can go 

wrong. Project Managers need to have a close eye on 

the progress and have a clear periodical 

communication with the team and project sponsors 

about the expectations, status and progress.  

This work presents a project performance model 

defined at Sysgenic Group based on the Earned Value 

Management and the Earned Schedule technique [7]-

[9], end date prediction models [4] and the company 

existing measurement model using the burndown like 

time and budget charts for progress representation.  

By applying this model we identified the 

following benefits: 

 It is a single management control system that 

provides reliable data, integrating work, 

schedule, and cost using a work breakdown 

structure, 

 Can be applied on any project (big projects 

should be divide in subprojects) 

 Through its performance indexes provides an 

early warning signal about cost or schedule 

deviations (CPI, SPI(t)), 

 Uses an index-based method to forecast the 

final cost of the project, 

 The “to-complete” performance index allows 

evaluation of the forecasted final cost, 

 Can reduce information overload by its easy, 

understandable reporting. 

 Beside these benefits, there is still room for 

further improvement. Directions where further 

studies and work are needed:  

 Find possibilities to incorporate in the model 

quality related measures as well, 

 Improve and include more sophisticated 

schedule and cost prediction method which 

takes into account different other attributes as 

well (personal productivity, different personal 

costs, more sophisticated variation trends) 

 Implement more automation for measurement 

gathering and more flexible report generation. 
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ABSTRACT 

Refactoring is a commonly accepted technique to improve the structure of object oriented 

software. The paper presents a multi-objective approach of the Entity Refactoring Set 

Selection Problem (ERSSP) by treating the cost constraint as an objective and combining 

it with the effect objective. A weighted objective genetic algorithm is proposed and run on 

an experimental didactic case study. The results for several experiments with different 

weight parameter values are discussed too.. 
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ABSTRACT 

In this paper we present the design and partial development of a patent application 

examination and evaluation system considering the JEE platform. Our system reduces the 

time required for the application examination by automatic or semiautomatic verification 

of the formal aspect of a patent application. The system helps the inventors in the 

International Patent Code assignment process and provides information to the domain 

experts to speed up the applicant patent examination and the state of the art comparison 

process. In this article we have focused on the database structure and the search 

algorithm used for the semiautomatic IPC assignment. The expert subsystem provides an 

automatic tool to evaluate the novelty of the technical solution given by the inventors by 

searching similar patents or technical articles. Our system will be implemented at the 

Romanian State Office for Inventions and Trademarks (OSIM) and will also help patents, 

inventors, experts and other user management. The system will also save postal delivery 

costs and eliminate the postal delivery delay by using the online patent application 

facility. 

Keywords: patent evaluation system, integrated system, software design 

 
1. Introduction 

Worldwide patent applications are growing at an 

average rate of 4.7% per year, according to the 2007 

edition of the World Intellectual Property 

Organization (WIPO)'s Patent Report [7]. Patent 

examination procedure [5]-[7],[10]-[12] has two 

stages: formal verification which follows all the 

formal procedural steps and verify if applications are 

patentable and the evaluation stage which checks the 

grade of novelty and innovation of the patents [8],[9]. 

To reduce the patent examination time and increase 

the evaluation quality, despite that the number of the 

patent applications are growing, there are two 

possibilities: increase the number of employments of 

the State Office for Invention and Trademarks 

(OSIM) or reduce the amount of work for 

registration, formal verification and evaluation by 

using an online integrated system. 

In this article we present an integrated Patent 

Examination expert system which communicate 

through the Internet with the applicant and help to 

accomplish the entire registration procedure and 

verify the formal correctness of the patent 

application. This system also looks for the experts 

and handles the application for evaluation trough a 

web interface. Our translator unit will be a helping 

hand for experts to search for similar technical 

solutions in a wide range of different language patent 

databases. The system also helps the management of 

the OSIM to see in which field to employ new experts 

in the future. 

The outline of the paper is as follows. Section 2 is 

a review of other similar existing systems, in section 

3 we present our system architecture and describe 

subsystems and finally we present the results, 

conclusion and future work in section 4 followed by 

acknowledgements and references. 

 

2. Similar existing patent evaluation systems 

2.1. Romanian State Office for Inventions and 

Trademarks (OSIM) 

OSIM [6] is a specialized government body that 

has exclusive authority in Romania in the field of 

protection of industrial property. Taking into 
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consideration the special economic importance of the 

industrial property and the need of a competitive 

management of information in the field of industrial 

property, the OSIM has developed a system of 

services by which offers to the large public useful 

information concerning industrial property, processed 

by highly competent specialists such as to facilitate 

correct economic decisions to be taken. It pays 

special attention to the promotion of the industrial 

property. The paid services of OSIM structured as 

analysis and synthesis services in the field of 

industrial property which are offered to the public by 

the Documentary Search Analysis and Synthesis 

Division are the following [6]: 

 international cooperation in the field of search 

services; 

 documentary search analysis and synthesis 

services in the field of inventions; 

 documentary search analysis and synthesis 

services in the field of trademarks; 

 documentary search analysis and synthesis 

services in the field of industrial designs. 

 From 2006 OSIM offers the possibility to 

register on-line to the epoline® system, for the 

following types of patents: 

 filed according to the European Patent 

Convention (CBE/EPC), through OSIM as the 

national office; 

 filed according to the Patent Cooperation 

Treaty (PCT), through OSIM as reception 

office; 

In the present it is not possible to register online 

the Romanian National patent type. 

On the OSIM web page you can find important 

information about on-line registration for mentioned 

patent application such as: important announcements, 

details about the services, information about how to 

register on-line, software for registration of the patent 

request at OSIM, recommendations, assistance for 

clients who want to register on-line an invention and 

some details about this page services. 

 

2.2. The European Patent Office (EPO) 

EPO [5] provides a uniform, coherent application 

procedure for individual inventors and companies 

from 38 European countries. It is the executive body 

of the European Patent Organization and is 

supervised by the Administrative Council. The main 

role of the EPO is to grant European patents. 

The EPO carries out researches and substantive 

examinations on a continuously growing number of 

European patent applications and international 

applications filed according to the Patent Cooperation 

Treaty. In the case of European patent applications, 

the Office gives the option of an accelerated 

procedure.  

The Office examines also oppositions against 

already granted European patents. 

Publication of the invention is very important to 

the European patent system. The public can obtain 

copies of the patent documents from the European 

Publication Server. The European Patent Register 

provides details of the status of patent procedures at 

the EPO. All the EPO's patent documents are 

available to the public through the free Espacenet 

service on the internet. The EPO also provides a wide 

range of other products for searching patent 

databases. 

epoline® is a EPO package of software with on-

line services that allows users to create and apply 

electronically for patents at the Intellectual Property 

Office and other national and international offices, 

including the EPO and WIPO. The epoline® is a high 

security system based on smart cards. 

To join the system, one should make two steps: 

first, to get an EPO smart card, then to fill in on-line 

an IPO (Intellectual Property Organization) enrolment 

form and send it. 

This service has a series of advantages. It is a user-

friendly application that helps inventors build their 

applications and forms with a validation option that 

helps users to make applications and forms right first 

time. Security of sending the documents is ensured, 

there are no postal delivery delays or postage costs. 

The sender receives an immediate filing receipt after 

sending the forms. 

 

2.3. The World Intellectual Property Organization 

(WIPO) 

WIPO [7] is a specialized agency of the United 

Nations. It is dedicated to develop a balanced and 

accessible international intellectual property system, 

which rewards creativity, stimulates innovation and 

contributes to economic development in regard to the 

public interest. 

WIPO was established by the WIPO Convention 

in 1967 for the protection of intellectual property 

worldwide by collaboration with other international 

organizations and cooperation among states. Its 

headquarters are in Geneva, Switzerland. WIPO 

considers that intellectual property is essential to the 

economic, social and cultural growth of all countries. 

Thus its objective is to promote the effective use and 

protection of intellectual property (IP) worldwide. 

WIPO provides services for the owners and users 

of intellectual property, such as international 

registration services, thus a single application has to 

be filed that is valid in multiple countries. IP 

classification systems of WIPO are used for 

registering IP and making it easy to search in IP 

databases and registries. WIPO's Arbitration and 

Mediation Centre offers resolution services for 

private parties involved in international intellectual 

property disputes [7]. 

PATENTSCOPE® Search Service is a service that 

makes possible for users to search in all international 

patent applications published, starting from the first 

one that was published in 1978 to nowadays, and has 

a special part for the latest information and 

documents available online. 
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3. EXAMBREV system architecture 

3.1. System overview 

Our system architecture is presented in Fig. 1.  

Mainly our system has two different modules 

divided in multiple subsystems. First we have the 

Interfaces and data preparation module which manage 

the patent requests, common users (UCOM), expert 

users (UEX), inventors (UINV) and employers 

(UFUNC) and also prepares some initial data for the 

Expert system module (SIEXP). Second, we have the 

Expert system module (SIEXP) which gives the 

world wide novelty of a technical solution proposed 

by an inventor and contains the legal and procedural 

database. 

In this paper we want to present the Interfaces and 

data preparation module and especially the database 

structure and the search algorithm used for the 

semiautomatic IPC code suggestion in SICLAS 

subsystem. 

 

 

Fig. 1 - EXAMBREV system architecture 

 

The deployment diagram shown in Fig. 2 

illustrates the connections between the different 

subsystems of Interfaces and data preparation module 

and their deployment on the servers. As we can see, 

all the subsystems communicate with the system 

database directly trough JDBC API (Java Database 

Connectivity Application Programming Interface) – 

in the case of patent classification and IPC code 

suggestion or using JPA (Java Persistence 

Application Programming Interface) – in the case of 

the JSF (Java Server Faces) interfaces used for 

invention upload and expert evaluation. 

 

3.2. The SISTORIC subsystem 

The SISTORIC (SS-1) subsystem has three main 

functionalities [1]: 

 to manage and store all the information 

regarding a technical solution proposed by an 

inventor; 

 to add or modify the patent data according to 

the Expert system module decisions; 

 to manage inventor users (UINV) data. 

 According to Romanian State office for 

Inventions and Trademarks we had to deal with 

three types of patents: 

 EPC (European Patent Convention); 

 PCT (Patent Cooperation Treaty); 

 Romanian National Patent. 

 

 

Fig. 2 – EXAMBREV deployment diagram 

 

We have implemented since now the management 

system for the Romanian national patent type. The 

application is accessible from the Internet through a 

web browser and makes possible to deposit online a 

patent request. All the patent application data is 

stored in a MySQL relational database management 

system.  

We must also register the UINV for all patent 

requests.  

The software subsystem provides the following 

features [4]: 

 inventor user (UINV) registration; 

 account activation; 

 inventor users (UINV) login; 

 online patent application; 

 editing patent application information; 

 editing account information; 

 patent application list; 

 semiautomatic IPC code assignment. 

In the registration process the inventor starts the 

registration and fills in all the required personal 

information.  After the data validation process the 

system sends an email to the registered person with 

the account validation code. The user must validate 

209 

 



 

 

 

the new account before patent application. The user’s 

personal information is saved in the database. 

The login process starts with username and 

password verification and account status checking. If 

the username and password are matching and the 

account status is valid, the authentication process 

ends successfully. 

The patent application process consist in filling of 

the online application form which is the same used at 

OSIM in present. 

 

3.3. The SICLAS subsystem 

3.3.1. Database structure. The database diagram 

used for the IPC codes is presented in Fig. 3. 

The 5 tables of the database represent the 5 IPC 

levels: sections, classes, subclasses, main groups and 

subgroups. The tables contain the category names in 

each IPC level. From the sections towards the 

subgroups the categories are getting more and more 

specific. Our goal is to find the appropriate category 

for an invention described with several keywords. To 

accomplish this we have created a stored procedure: 

spSuggest4. In the following we will present the 

search algorithm on which this stored procedure is 

based on. 

3.3.2. The spSuggest4 stored procedure and the 

search algorithm. As we mentioned before, we get a 

set of keywords which describe the invention. These 

keywords are the input parameter of the stored 

procedure, delimited by the space character. We 

define 5 coefficients ps, pc, psc, pmg and psg with the 

following values 30, 25, 20, 15 and 10. The role of 

these coefficients will be presented later in this paper. 

The first step in the algorithm is to search in all 

IPC levels and each category for any of the given 

keyword. From this we get a result set containing 

those categories from all IPC levels which contain at 

least one of the given keywords. In the following I 

will refer to this result set as ResulSetA. 

In the second step we insert the subcategories from 

ResultSetA into a ResultSetB and calculate a 

suggestion value for each inserted subcategory. This 

suggestion value will be equal to the number of 

keywords found in the subgroup category name 

multiplied with the coefficient for the subgroup 

categories, psg. 

In the third step we recalculate the suggestion 

value for those subgroup categories in ResultSetB, 

which belong to the main group categories found in 

ResultSetA. The new suggestion value will be the old 

suggestion value plus the number of keywords found 

in the main group category name multiplied with the 

coefficient for the main group categories, pmg. Those 

main group categories from ResulSetA which are not 

in ResultSetB are inserted in ResultSetB with the 

following suggestion value: the number of keywords 

in the main group category name multiplied with the 

main group category coefficient, pmg. 

In the fourth step we recalculate the suggestion 

value for those main group and subgroup categories 

in ResultSetB, which belong to the subclass 

categories found in ResultSetA. The new suggestion 

value will be the old suggestion value plus the 

number of keywords found in the subclass category 

name multiplied with the coefficient for the subclass 

categories, psc. Those subclass categories from 

ResultSetA which are not in ResultSetB are inserted 

in ResultSetB with the following suggestion value: 

the number of keywords in the subclass category 

name multiplied with the subclass category 

coefficient, psc. 

 

 
Fig. 3 – Database structure for IPC code storage 

 

In the fifth step we recalculate the suggestion 

value for those subclass, main group and subgroup 

categories in ResultSetB, which belong to the class 

categories found in ResultSetA. The new suggestion 

value will be the old suggestion value plus the 

number of keywords found in the class category name 

multiplied with the coefficient for the class 

categories, pc. Those class categories from 

ResultSetA which are not in ResultSetB are inserted 

in ResultSetB with the following suggestion value: 

the number of keywords in the class category name 

multiplied with the class category coefficient, pc. 

In the sixth step we recalculate the suggestion 

value for those class, subclass, and main group and 

subgroup categories in ResultSetB, which belong to 

the section categories found in ResultSetA. The new 

suggestion value will be the old suggestion value plus 

the number of keywords found in the section category 

name multiplied with the coefficient for the section 

categories, ps. Those section categories from 

ResultSetA which are not in ResultSetB are inserted 

in ResultSetB with the following suggestion value: 
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the number of keywords in the section category name 

multiplied with the section category coefficient, ps. 

At the end of the algorithm ResultSetB will be 

returned, in descending order of the suggestion value. 

We find necessary to present the structure of 

ResulSetA (Table 1) and ResultSetB (Table 2) which 

were mentioned many times in this paper. 

 
Table 1 – ResultSetA structure 
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The recalculation of the suggested value in steps 

third to sixth were possible because the hierarchical 

structure of the IPC system. 

 

3.4. The SICOST subsystem 

The SICOST (SS-3) subsystem is responsible for 

Expert user (UEXP) data management [1]-[3]. We 

have to deal with UEXP registration. This subsystem 

also takes the IPC code given to a patent application 

by SS-2, choose the specialist UEXP for this domain 

and send them the information to point out, if exist, 

the similar technical solutions. 

 

3.5. IFS-SIEXP subsystem 

The IFS-SIEXP (SS-4) subsystem is the special 

interface for the SIEXP module [1],[2]. It makes data 

transfer between the Interfaces and data preparation 

module and Expert system module. It also 

communicates with UEXP, UCOM and UINV via a 

Web interface. This is the login point to the Web 

application for registered users.  

 

4. Conclusions 

We designed and partially developed a JEE based 

integrated system for patent examination. The system 

will help OSIM to offer online patent registration 

possibility for all three patent types discussed (EPC, 

PCT and Romanian national patent type). The system 

also helps OSIM patent evaluator experts 

management, employers management and patent 

management. 

The main results obtained are the UCOM, UEXP, 

UINV, UFUNC and patent application registration 

interfaces. The interfaces were developed considering 

Java Server Faces technology. 

We have developed an algorithm for 

semiautomatic IPC code assignment which was 

briefly described in this paper.   

For the application development we have used 

NetBeans IDE. 

As future work we can mention the SIEXP module 

development, and whole system integration. 

 

5. Acknowledgements 

This project is developed under Partnership in 

Anterior Domains Program of National Authority for 

Scientific Research in Romania, project code: 11-

076/2007. 

 

References 

[1] M., Radu (2007), Elaborarea strategiei de 

cercetare privind examinarea cererilor de 

brevet de invenţie şi studiu critic asupra 

procedurilor de examinare aflate în uz, 

Technical report EXAMBREV, stage I, PNII – 

Parteneriate, No. 11-076/2007, CCMMM. 

[2] Brassai, S.T., Dávid, L., Domokos, J., Vajda, T. 

(2008)Technical report EXAMBREV stage I, 

PNII – Parteneriate, No. 11-076/2007, Sapientia 

University. 

[3]  Domokos, J., Vajda, T., Brassai, ST., Dávid, L. 

(2009), Integrated System for Patent 

Application Examination (EXAMBREV)”, 

Proceedings of 17th International Conference 

on Control Systems and Computer Science – 

CSCS17, pp. 135-139. 

[4] Domokos, J., Vajda, T., Brassai, ST., Dávid, L. 

(2009), Realizarea, implementarea în faza de 

laborator şi testarea sistemului informatic de 

examinare a cererilor de brevet de invenție, 

Technical report satge II, EXAMBREV, PNII – 

Parteneriate, No. 11-076/2007, Sapientia 

University. 

[5] EPO webpage (2009) [Online]. Available: 

http://www.epo.org/  

[6] OSIM webpage (2009) [Online]. Available: 

http://www.osim.ro/ 

[7] WIPO webpage (2009) [Online]. Available: 

http://www.wipo.int/ 

[8] Implementing regulations to the patent law no. 

64/1991, as republished in Official Gazette of 

Romania, Part I, No. 456/18 June 2008. 

[9] Patent law No. 64/1991, republished on Official 

Gazette of Romania, Part I, no. 541/ 8 august 

2007. 

[10] ASPPI webpage (2009) [Online]. Available: 

http://www.agepi.md/ 

[11] APO webpage (2009) [Online]. Available: 

http://www.ipaustralia.gov.au/patents/search_in

dex.shtml  

[12] EAPO webpage (2009) [Online]. Available: 

http://www.eapo.org/ 

 

211 

 



 

The 4
th

 edition of the 

Interdisciplinarity in Engineering International Conference  

 “Petru Maior” University of Tîrgu Mureş, Romania, 2009 

 

 

 
 
 
 

 

REASONING REPRESENTATION AND VISUALISATION 
FRAMEWORK FOR ONTOLOGY MAPPING USING 3D 

MODELING  
Miklos NAGY#1, Maria VARGAS-VERA*2 
The Open University Walton Hall, Milton Keynes, MK7 6AA, United Kingdom 

1M.Nagy@open.ac.uk 
2M.Vargas-Vera@open.ac.uk 

 

ABSTRACT 
Ontology mapping methods became more and more sophisticated during the recent years. 
Mapping quality and scalability have been the main focus of research in order to build 
systems aiming to have better user acceptance. However the human interaction 
component of the mapping system has not received considerable attention. Existing 
systems present only the end result however in order to efficiently use, develop and 
improve mapping systems both users, system designers and knowledge engineers need to 
access the “reasoning” behind the mappings i.e. why the system made certain choices 
when the concepts “publication” and “paper were selected as a possible mapping. In this 
paper we present a representation framework that can be used by different systems in 
order to store and visualise the reasoning behind ontology mapping. 

Keywords: ontology mapping, the quality of the mapping systems, model of reasoning 

 
1. Introduction 
To date the quality of the ontology mapping was 

considered to be an important factor for systems that 
need to produce mappings between different 
ontologies. However competitions organised on 
ontology mapping has demonstrated that even if 
systems use a wide variety techniques, it is difficult to 
push the mapping quality beyond certain limits. It has 
also been recognized [5] that in order to gain better 
user acceptance, systems need to introduce cognitive 
support for the users i.e. reduce the difficulty of 
understanding the presented mappings. 

There are different aspects of this cognitive 
support i.e. how to present the end results, how to 
explain the reasoning behind the mapping, etc. 
Ongoing research focuses on how the end results can 
be represented in a way that end users can understand 
better the complex relations of large-scale ontologies. 
Consider for example a mapping representation 
between two ontologies with over 10.000 concepts 
each. The result file can contain thousands of 
mappings. To visualise this mapping existing 
interfaces will most likely present an unrecognizable 
web of connections between these properties. 

Even though this complex representation can be 
presented in a way that users could better understand 
the problem still arises once the users need to 

understand why actually these mappings have been 
selected. This aspect so far has totally been hidden 
from the end users and has formed an internal and 
unexpoitable part of mapping systems itself. 

Nevertheless in order to further improve the 
quality of the mapping systems these intermediary 
details need to be exposed to the users who can 
actually judge if the certain reasoning process is 
flawed or not. This important feedback or the ability 
to introspect can then be exploited by the system 
designers or ultimately the system itself through 
improving the reasoning processes, which is carried 
out behind the scenes in order to produce the end 
results. This ability to introspect the internal 
reasoning steps is a fundamental component of how 
human beings reason, learn and adapt. However, 
many existing ontology mapping systems that use 
different forms of reasoning exclude the possibility of 
introspection because their design does not allow a 
representation of their own reasoning procedures as 
data. 

Using a model of reasoning based on observable 
effect it is possible to test the ability of any given data 
structure to represent reasoning. Through such a 
model we present a minimal data structure necessary 
to record a computable reasoning process and define 
the operations that can be performed on this 
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representation to facilitate computer reasoning. This 
model facilitates the introduction and development of 
basic operations, which perform reasoning tasks using 
data recorded in this format. It is necessary that we 
define a formal description of the structures and 
operations to facilitate reasoning on the application of 
stored reasoning procedures. By the help of such 
framework provable assertions about the nature and 
the limits of numerical reasoning can be made. 

Our main objective is to establish a standard 
framework for ontology mapping systems that allows 
mapping systems to detect reasoning failures and to 
refine the function of reasoning mechanisms in order 
to improve system performance and avoid future 
reasoning problems. To achieve this goal, the users 
have the possibility to introspectively monitor the end 
result of the reasoning process and determine the 
possible causes of its failures and possibly perform 
actions that will affect future reasoning processes. 
This is important aspect of the need to visualise the 
mapping stems from the fact that even though 
ontology mapping tools converge towards automatic 
mapping processes, users will always play an 
important role for validating these results. As a result 
it is important that mappings are presented in a way 
that can easily be understood by end users and not 
just by specialised domain experts. 

The main contribution of this paper is a reasoning 
introspection and visual mapping representation 
framework for ontology mapping that goes beyond 
the end results and includes the intermediary 
reasoning steps, which can be exploited by both end 
users, system designers or ontology engineers. 

The paper is organised as follows. In section 2 we 
describe the human reasoning process, the modeled 
reasoning workflow and the reasoning steps that is 
supported by our introspection framework. In section 
3 we present the visualisation components for both 
mapping and reasoning and discuss the level of 
cognitive support that can be achieved by 3D 
modelling. In section 4 we present our experiments 
with the OAEI benchmarks. 

Section 5 describes the limitation of our proposed 
framework. Section 6 presents the related work and in 
section 7 we draw our conclusions. 

 
2. Representation model 
2.1. Human reasoning process 
When humans create mappings between two 

ontologies they rely heavily on their past experiences 
or existing knowledge about the domain. Experts can 
follow different processes due to their personal 
preferences, however we have considered a 
generalised mapping process in our scenario. First 
they select an initial set of terms from both ontologies 
that they believe can correspond to each other. At this 
step the candidate mappings are selected from the 
whole results. Candidate mappings are not more than 
hypothesises for the mapping that needs to be proved 
correct. Naturally the selected hypothesis is 

associated with a great deal of uncertainty, which 
stems from the lack of information about the context 
of these terms. Ideally more experts are involved in 
this process at the same time from probably different 
domains. Each expert with its own knowledge and 
experience selects candidate mappings from both 
ontologies. Once the candidate mappings are selected 
based on evidences that support their hypothesis they 
need to combine their subjective opinions into a more 
coherent view. This procedure ideally results in a 
consensus where the best mappings are selected. 

The process can be summed up in 5 steps: 
1. Select candidate mappings. 
2. Build hypotheses for possible mappings. 
3. Find evidence for proving that our hypothesis is 

true. 
4. Eliminate the terms that do not support our 

initial belief. 
5. Combine different beliefs into a more coherent 

ones i.e. reach consensus over the selected mappings. 
The before mentioned process is perfectly modeled 
by existing evidential reasoning approaches e.g. the 
Dempster-Shafer theory (DS theory) of evidence. 
This model includes all levels of sub attributes, with 
the possibility of different frame of discernment. 
Further it is possible to derive the expected utility 
values directly from the combined experts’ belief 
distributions. 

When human experts create mappings across 
different domains they usually base the end result on 
some sort of consensus between different experts. 
Each expert examines a subset of the terms from both 
ontologies and using their background knowledge and 
experience they gradually eliminate terms from the 
subset till they reach the final result. Each expert goes 
through the same reasoning process and finally they 
discuss the results explaining why they have selected 
a particular mapping. Our proposed reasoning 
inspection framework intends to support ontology 
mapping systems that model the above-mentioned 
human reasoning process. 

 
2.2. Modelled reasoning workflow for ontology 

mapping 
Ontology mapping systems carry out several 

iterative steps (Fig. 1) to select the final mappings 
from a number of candidate mappings. During this 
process background knowledge is consulted in order 
to extend the original variables with ones that can 
possible describe the concepts that need to be 
matched. The overall process can be described as 
follows:  

1. Select mapping candidates: In this step the 
system takes candidate mappings from both 
ontologies. The main objective of this step is to create 
an initial set of concepts that need to be compared to 
each other. Different systems can use various 
methods to select these candidates e.g. string 
similarities can be used to pre-filter concepts or a 
certain number of concepts are selected from both 

213 

 



 

 
 

source and target ontologies. 

 
Fig. 1 – Reasoning process 

 
2. Consult background knowledge: The main 

objective of this step is to determine the possible 
meaning of the selected terms from the ontologies. 
Different background knowledge can be used e.g. 
WordNet or the Semantic Web itself. In this step the 
system selects a pre-defined number of additional 
terms that will be added to the candidate mapping 
sets. The system creates the preliminary assignment 
matrix. 

3. Evaluate assignment matrices: Using a wide 
variety of methods e.g. string similarity, graph 
structure or probabilistic information the system 
evaluates the initial similarities between the source 
and target ontologies. Different systems can use a 
single method or different methods, which need to be 
combined into a more coherent view. 

4. Eliminate variables: In this step the system 
selects the terms, which either above a pre-defined 
threshold in terms of similarity or most likely to be a 
match based on probabilistic information. 

5. Establish reduced assignment matrix: The 
system reduces the number of variables and if no 
clear matching is found it consults the background 
knowledge and starts the assignments again from step 
3. 

The above mentioned process is a general one. 
Different systems can implement differently each step 
however the main characteristics of these steps 
remain the same across different systems. Therefore 
in our representation framework we foresee to 
support any system that implements the before 
mentioned process. 

 
2.3. Storing reasoning steps 
The development of a general formalism for 

reasoning relies strongly on the actual representation 
of the reasoning data [7]. Using the described model 
of reasoning defined above (previous section), one 
simple model that could be constructed is an ordered 
list composed of each reasoning step, followed by all 
“journaled” reasoning events, including all similarity 
assessments created by the mapping system as part of 
its process. The creation of a basic concrete data type 
to encapsulate these events involves the development 
of a data organization capable of representing these 

reasoning events. The most basic data type in any 
non-symbolic reasoning system is a numeric variable. 

Thus, the most basic data type available to us to 
represent a reasoning process is a set (or list) of 
matrices. Because the purpose of the construction of 
this data type is to support introspective reasoning, it 
must be determined whether basic introspective tasks 
can be supported using this data type. In order to 
introspect about or remember a prior recorded 
sequence, there must be some way of recalling the 
stored sequence from actual reasoning events. As a 
result we need to use a list structure that stores the 
state of each reasoning step. Considering ontology 
mapping it is possible that the same mapping result 
can be a result of different reasoning steps therefore 
to model this behaviour the framework need to have 
the ability to select portions of observed data for use 
in the reasoning process and ignore other portions. In 
a list data structure, the simplest form of selection is 
the creation of a sublist i.e. a list, which contains two 
reasoning steps from a given mapping result and 
every originally selected term between them. 

 
Fig. 2 – Iteration steps 

 
Different ontology mapping systems use different 

techniques to produce the end results however 
internally similarity matrixes are used to store the 
intermediary results of any algorithm. The reasoning 
process tends to be iterative where each system 
selects an initial set of variables from two ontologies 
and using different techniques more and more 
variables are eliminated from the initial set until the 
end result(mapping) is reached. One important detail 
is how this initial result set gets reduced to its final 
size (usually a pair of concept) is lost during the 
mapping process. In our framework we propose to 
record how these similarity matrixes evolve from the 
initial state till the end state where the mapping is 
selected for the end result. Our framework can 
accommodate any process that uses matrix structures 
e.g. belief or similarity matrices. This way the choices 
made during the reasoning steps can easily traced 
back and presented to the end users. As the system 
eliminates variables the size of the similarity matrix 
continuously decreasing in each step, which will 
result in a 3D pyramid shape (Fig. 2) once the process 
has finished. In each iteration we define the matrix 
that represent the state of the system as follows: 

 
� represents the whole set of reasoning states for 

a selected mapping, i describes the actual step, μ is 
the value that is used by the system to describe the 
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similarity between concept n from ontology 1 and 
concept m from ontology 2 and x is the number of 
variables that have been eliminated after a certain 
step. 

Once the similarity assignments are assigned our 
representation framework stores these temporary 
states till the final mapping can be selected. If final 
mapping is found then the system stores the steps in 
order to find this mapping. In case no mapping was 
found the system discharges the intermediary states. 

 
3. Visualisation model 
3.1. Cognitive support for ontology mapping 
Before the need for ontologies has been 

conceptualized the need for creating mappings 
between database entities has led to the development 
of numerous data integration solutions. Graphical 
representation of the mappings are widely used 
however during database integration the meaning of 
the mapped entities are not the main concern of the 
process. For more complex tasks like ontology 
mapping where the mapped entities can have different 
semantic meaning, the mapping system should 
present information in a more comprehensive way. In 
order to achieve better user acceptance visualisation 
can be used, which aims to facilitate and enrich the 
human action and his experience of information 
optimization of the apprehension and comprehension. 
This user experience can be linked to cognitive skills 
related to the spatial perception through a visual 
computation. 

In these cases engineers need to select, which 
properties should be mapped and transformed from 
one entity to another. The tools that typically support 
this process display the entities in 2D as the 
corresponding links can easily be identified. Such 
support has been proposed by to the CogZ framework 
[5] , which allows the users to visualise and compare 
term neighbourhoods that represent the context using 
2D hierarchical tree view based on TreeMap [14]. 
The framework also supports different kind of filters 
that can help the user to reduce the number of 
mappings shown and it also provides hierarchical 
lters to display mappings within certain regions of the 
ontologies. Creating ontology mapping however turns 
out to be more complex therefore the tools that 
provide cognitive support need to go further than just 
displaying the results. The difficulty for humans to 
easily understand the presented mappings lies in the 
fact that these tools provide a tree view i.e. simple 
listing of the concepts or properties. In general 
listings represent linear sets of items. To access one 
item, the user has to browse through the sequence, 
depending on the ordering of the units. Different 
sorting, such as alphabetical or thematic, is the only 
means of optimization. The linear nature of any list 
makes it difficult for any user to construct a 
representation of the listed terms and their 
relationships. Such cognitive operations enable the 
formation and the closure of a semantic domain. 

3.2. Visualisation of the mapping 
Visualising ontology mappings involves situations 

where the number of items that are concurrently 
displayed on the screen increases, which in turn 
worsens the graphical perception of the scene and 
complicates spotting details. If the amount of 
visualization space needed to represent all the 
mappings within the result set outnumbers the space 
available on the screen, a few options remain 
available: to scale down the whole image to the 
detriment of readability, to present on the screen just 
a portion of it and allow its navigation or to 
summarize the information in a condensed graph and 
provide means for exploration and expansion. As the 
effectiveness of these options depends on the task the 
users need to carry out, a combined usage of them 
offers a suitable approach. However combining these 
approaches using 3D space can considerably 
enhance[3] the productivity of the users. 

 
Fig. 3 – Front view of the mapping 

 
 

 
Fig. 4 – Bottom view of the mapping 

 
3.3. Visualisation of the reasoning 

Recreating and visualising the behaviour of 
complex reasoning procedures can be accomplished 
via two tasks. Primarily the amount of data available 
to a reasoning system, which records its own actions 
for further use is overwhelmingly large. Thus, some 
process must select data that needs to be considered 
for the visualization process. The second portion of 
this process of visualising reasoning is the formation 
of a mapping between the chosen data and the recent 
history of events. These processes are complex, 
however, through the development of a formal data 
model we hope to facilitate the development of 
algorithms, which accomplish these tasks as well as 
establishing limitations on their operations. Further 
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the task of managing and accessing large information 
spaces like reasoning is a problem of large scale 
cognition. This is because it is hard to visualise the 
large number of terms and how these terms are 
related during the reasoning process. As we have 
discussed in the previous sections the gradually 
decreasing size of the reasoning space can be 
perceived as hierarchical (pyramid like structure in 
3D) spaces. 

Our basic idea is to visualise the reasoning based 
on conetree [6, 10]. A cone tree is a 3D representation 
of a tree structure, i.e. a standard G = (V,E) graph 
with vertices and edges. In a cone tree representation, 
the root of a tree (represented by a cube, a sphere or 
some other appropriate object) is located at the tip of 
a transparent cone. The children of the root node are 
arranged around the base of the cone. Each child can 
be the root node of a subtree, which is represented in 
a recursive fashion by a cone whose tip is located at 
the object representing the child (Fig. 2). Cone tree 
visualization can be improved, particularly for very 
large datasets, by techniques such as usage-based 
filtering, animated zooming, hand-coupled rotation, 
coalescing of distant nodes, texturing, effective use of 
colour for depth cueing. For representing the 
reasoning space for term comparisons like ontology 
mapping the top of the hierarchy represents the result 
mapping pair of terms and situated in the apex of the 
cone with its children placed evenly spaced along its 
base. The next layer of nodes is drawn below the first, 
with their children in cones. Cone base level 
diameters are reduced at each level, which ensures 
that the shape will form a pyramid like structure(Fig. 
5). This representation allows the user to easily 
navigate between the layers as directional movements 
ensure that nothing blocks the view of cones behind 
the user’s point of view. 

Our reasoning representation model is converted 
into a 3D model by our visualisation framework. This 
model can be viewed by a virtual reality viewer such 
as jReality 1. Therefore the user has the possibility to 

zoom in, out or move around the mapping model in 
order to discover the mappings and the reasoning 
model. 

 
Fig. 5 – Reasoning with two steps 

 
4. Experiments with the OAEI benchmarks 

We have carried out experiments with the 
benchmark ontologies of the Ontology Alignment 
Evaluation Initiative(OAEI) 2, which is an 
international initiative that has been set up for 
evaluating ontology matching algorithms. The 
experiments were carried out in order to determine 
the average level of layers, terms that need to be 
stored and visualised to the user. This is important as 
the more reasoning steps we need to visualise and 
store the more difficult is to manage in terms of 
computational complexity. Our main objective was to 
evaluate the correlation between concepts, properties 
in the ontology and the number of steps(iteration) 
necessary to select a candidate mapping to the result 
set. The OAEI benchmark contains tests, which were 
systematically generated starting from some reference 
ontology and discarding a number of information in 
order to evaluate how the algorithm behave when this 
information is lacking. 

The bibliographic reference ontology (different 
classifications of publications) contained 33 named 
classes, 24 object properties, 40 data properties. Our 
results are depicted in Table 1. 
 

Table 1 - Number of iterations to be presented 
Reasoning 

steps 
1 2 3 4 5 6 7 8 

Classes 1972 58 79 68 82 113 91 689 
Properties 2722 22 46 53 55 35 30 1532 

 
We have measured the number of cases that 

belong to a particular iteration number for the whole 
dataset. It is worth to note that the used ontology 
mapping system [9] limits the number of iterations 
per mapping selection to a maximum of 8. Therefore 
table 1 contains all the possible number of iterations 
i.e. steps that need to be presented to the user from 1 
to 8. Experiments have shown that the majority of 
cases(1972 for classes, 2722 for properties) belong to 
the single step reasoning i.e. the system selects the 
best mapping from the first assigned similarity 
assignment matrix. 

On the second place the maximum number of 

iterations 8 needs to be displayed. The rest of the 
cases, which constitutes only a small proportion of 
the total cases are divided between 2-7 reasoning 
steps. The initial results are encouraging as it 
demonstrates that the reasoning and mapping 
visualisation needs to present a simple reasoning for 
the majority of the cases. However these results also 
show that there is a need to investigate how to give 
the possibility to the user to navigate through 
complex reasoning steps. 
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5. Limitations of the framework 
The existing limitation of our proposed 

framework can be grouped into two distinct 
categories i.e. limitations on the storage of reasoning 
steps and the visualization components. Concerning 
how the reasoning steps are stored our proposed 
framework fits well to most ontology mapping 
systems that use internal similarity matrixes for 
producing mappings. However not all mapping 
systems can be integrated directly with our 
framework. In these cases conversion needs to be 
done first that might not always be feasible. 
Concerning the visualisation components there is 
considerable room for improvements. Currently users 
can zoom and move around the 3D graph structures 
but the framework does not allow the interaction with 
the 3D structure itself i.e. users cannot change the 
presented structure. 

This can pose difficulties if the users wants to 
investigate a particular part of the reasoning space. 
Our primary research goal for the future is to find 
appropriate visualisation framework that could 
accommodate this need. Further currently it is not 
possible to use different filters or sorting for the 
mapping result set therefore out initial prototype is 
more suitable for mappings where the result mapping 
set is not too large. Nevertheless it is our future 
objective to investigate how different filtering and 
sorting possibilities can improve the visualisation of 
the mappings. 

 
6. Related work 
Several ontology editing tools [12, 15] provide 

visual interface for visualising ontologies including 
various plug-ins that aim to support different aspects 
of the ontology management lifecycle including, 
creation, checking and visualisation. Different tools 
and plugins usually implement different approached 
for editing or visualising these ontologies however 
the most common visualisation model is 2D graph. 

It has been acknowledged that interfaces will play 
an important role on the Semantic Web in order to 
gain better user acceptance. However most of the 
initial visualisation work [1] was carried out on 
representing ontologies for knowledge engineers. 
These techniques include tree [12] , network [4] or 
probably the most commonly used graph [15] 
representations. Most techniques display information 
in 2D nevertheless 3D representations [2] become 
popular as large scale ontologies can be presented 
more comprehensively for the users. Popular 3D 
ontology representation technique is to project the 
ontology network on the sphere [2] where the most 
relevant element appear bigger than the irrelevant 
ones on the peripheries of the sphere. Other 3D 
technique for information visualisation is called cone 
or cam trees [13] where hierarchical information is 
arranged in circles on different levels. Levels in the 
tree corresponds to visual depth. This technique was 
proposed well before the semantic web has been 

conceived. 
Based on the ontology visualisation techniques 

further research has been carried out on representing 
ontology mappings as well. CogZ [5] is a tree based 
technique, which proposes various cognitive support 
for the decision making processes(interaction, 
analysis, representation) used in the mapping task. Its 
main objective is to reduce the cognitive load 
experienced by users. 

Other solution employs [3] a three dimensional 
tree based visualisation that allows for the selection 
of multiple class, exclusion of classes, and saving the 
merged classes to an OWL ontology. 

Several techniques have been proposed to 
visualize Semantic Web Data using both 2D and 3D. 
Nevertheless the dominant approaches are based on 
graph visualisation[11, 8]. 2D solutions in particular 
involve certain limitations when visualizing complex 
networks therefore many researchers have studied 
different graph visualization in 3D. 

 
7. Conclusion 
The process of developing algorithms to support 

numerical and introspective reasoning and 
visualization for ontology mapping systems requires a 
great deal of understanding of these domains. By 
specifying standard data types and approaches to 
these methods, it is our hope that the development of 
these algorithms can be further investigated. Further 
introspective reasoning requires a domain 
independent approach to reasoning technique. The 
model presented here demonstrates one method of 
achieving this domain independence in a way, which 
is designed to allow the development of future 
algorithms. Based on our proposed framework we 
hope that future introspective mapping systems can 
be developed, which contributes to a betteacceptance 
of these systems. Our initial visualisation framework 
can be improved in several ways. Firstly the visual 
interface does not give the possibility to the users to 
filter the result set. These aspects of our work need to 
be investigated further. Secondly the users cannot 
change the layout of the presented mappings. In order 
to achieve higher level of interaction our future 
objective is to investigate how the possibility of 
changing the layout can contribute to the objective to 
provide a better an easier understanding of the 
mappings. From the contribution point of view our 
framework proposes a standard way of storing the 
states of the system during the reasoning process. 
This is an important aspect of the mapping, which 
was not investigated so for in the context of ontology 
mapping. Our 3D visualization framework build that 
presents the reasoning steps and the mapping itself 
can help the end users to navigate easily between the 
mappings without being overwhelmed by the 
complexities inherent to any 2D graph representation 
model.  
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ABSTRACT 

This paper presents a method for the formal description, verification and automatic 

source code generation of embedded real-time multitasking applications, based on a 

model consisting of networks of timed automata. The model describes a real-time 

operating system kernel and application tasks, taking into consideration both non-

preemptive and preemptive scheduling. The timing properties of the proposed model can 

be verified using a model-checking tool. We also provide a solution for C source code 

generation based on the application’s model. For this purpose a unified resource access 

interface was implemented. 

Keywords: Formal description, Formal verification, Real-Time Applications, Timed Automata, Code generation 

 
1. Introduction 

Real-time embedded systems have become widely 

used in a large number of fields, especially in the 

industrial environment, playing an increasing role in 

the modern society and are rapidly evolving, growing 

in complexity. Moreover they are often used not only 

by themselves, but in clusters and networks. 

A real-time system is in close relationship with 

the physical environment it interacts with, fact that 

induces a set of constraints the system must obey. A 

real-time behavior of an embedded system implies 

that when an operation is performed is just as 

important as what is executed. Furthermore, the 

complexity of such systems and the strictly timing 

requirements emphasize the necessity of a real-time 

operating system. 

Because of the strict nature of a real-time 

embedded system, a thorough verification of its 

properties, to ensure that it satisfies all the 

requirements is crucial. 

The timed automata formalism is widely used and 

well-proven in the description and verification of 

real-time systems [3],[4],[5],[7]. In this paper we 

propose a simplified model for single processor 

microcontroller based systems. The model consists of 

a network of timed automata that describes a basic 

real-time kernel, the physical system’s resources and 

concurrent application tasks. The method presents the 

possibility for the verification of essential properties 

such as: task schedulability, state reachability, access 

to shared resources and temporal constraints 

regarding the response to specific events. This 

verification is done using the UPPAL model-checker 

[8]. This approach allows for the system’s simulation 

and the observation of its behavior before the actual 

implementation 

Using the model of the embedded system, we can 

also automatically generate the application’s source 

code, avoiding most of the error-prone human coding 

[7]. 

For the implementation we chose the SAM7-

EX256 development board and FreeRTOS - a 

portable, open source, mini real-time kernel [9]. The 

FreeRTOS scheduler is capable of running in either 

preemptive or non-preemptive (cooperative) mode. 

We also implemented hardware-specific elements: 

drivers including mechanisms for interrupt handling 

for every device and a module for unified peripheral 

access. 

 

2. The application tasks 

A real-time embedded application can be 

constructed as a collection of independent tasks. 

Tasks are processes managed by the real-time 

operating system accordingly to the scheduling 

policy. 

Because some functionalities of an application are 

more important or have shorter deadlines than others, 
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the tasks are prioritized. The scheduler ensures that 

the most important task will be given processor time. 

Each task instance is modeled by a timed 

automaton that is synchronized with the OS model 

via channels. 

 

2.1. Task behavior and properties 

In general, embedded tasks present the following 

behavior[5][7]: 

 

INFINITE_LOOP  

- Request access to a resource (blocking call)           

- Perform a read/write operation 

- Perform a computation 

- Request access to another resource (blocking 

call) 

- Perform a read/write operation  

…… 

END_INFINITE_LOOP 

 

Resources will be accessed by tasks through 

blocking request calls. The desired resource is 

explicitly specified through its RID (resource ID) [6]. 

After making a request call, the task will enter a 

blocked state, where it will wait for the resource to 

become available. 

The computations performed by the tasks are 

characterized by a worst case execution time (WCET) 

and a best case execution time (BCET).  This is a 

consequence of branching instructions in the 

computations.  Also, the running task will be delayed 

by the occurrence of interrupts generated by the 

resources. The ISR execution time will be added to 

the current task’s WCET and BCET [3]. 

 

3. The resources 

In the proposed model we are only interested in 

the resource’s effect on the task behavior, therefore 

they will be considered only as data sources that can 

unblock waiting tasks [7]. 

In constructing the general resource model, we 

considered the following: 

- Resources are reusable and can be 

shared, but only one task can have access 

to a resource at any given time 

- A task can request a single resource at 

one time (via the Request(RID) function). 

- In the request call, the resource is 

explicitly specified through its RID. 

Every resource has a minimal inter-arrival time 

(the MIAT). A resource can unblock a waiting task 

and provide data at any time after its MIAT expires, 

but not sooner. 

 

3.1. The unified access interface 

In our implementation on the SAM7-EX256 

development board, resources provide interrupts that 

are managed by drivers. Depending on the peripheral, 

data is read from registers and stored in queues when 

the interrupt occurs for an input peripheral or data is 

sent when an output peripheral is ready to accept it. A 

task that is waiting on the resource’s queue will 

immediately be unblocked. 

The unified resource access interface consists of a 

Request, a Read and a Write function. The Read and 

Write are nonblocking calls, they will be performed 

after the access to the requested resource is granted. 

Each resource has a state variable assigned. The read 

and write operations will be performed using the state 

variables. 

 

4. The cooperative model 

4.1. The cooperative application tasks 

All cooperative tasks have three states: 

READY: the task is able to execute, but has not 

been scheduled yet. 

RUN: the task is utilizing the processor. Only one 

task can be in this state at any given time. 

BLOCKED: the task is waiting for an event. It is 

not available for scheduling. 

Considering the general task form described in the 

previous section, we present a simple task model that 

requests access to a resource (RID), performs a read 

operation and executes a computation (Figure 1). The 

task automaton is synchronized with the resource and 

scheduler models via channels. Tasks can be 

identified through their unique ID (the constant pid). 

 
Fig. 1 – Simple task in pseudocode 

 

The task automaton’s states: 

READY1, READY2: the task is available for 

scheduling, awaiting synchronization with the 

scheduler via the schedule[pid]? channel. The initial 

READY1 location represents the task’s state at system 

startup, when all tasks are ready to execute. 

RUN1, RUN2, RUN3: represent the states where 

the task has control of the processor. These locations 

are characterized by a best case and worst case 

execution time (WCET, BCET). The WCET is 

modeled by the location’s invariant (y<=W), allowing 

the system to remain in that state only as long as the y 

clock’s value is smaller or equal to the W integer 

variable. The guard on the outgoing transition (y>=B) 

simulates the state’s BCET, insuring that the 

transition will not occur until the clock y has a higher 

or equal value to that of the B variable. On the 

incoming transition, the W and B variables are 

initialized with the WCET and BCET of the current 

location and the clock y is reset. While being in a 

Task1 

{   

   Loop 

   {  

      Request(RID); 

      Read(RID, var_rid, size); 

      computation(); 

   } 

} 
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running state, a task can be interrupted by a 

resource’s ISR. In this case the duration of the 

interruption will be added to the W and B variables, 

increasing the time spent by the automaton in the 

current location. 

 

schedule[pid]?

event_or_timer[RID]?

request[pid][RID]!

ready[pid]=1,t=0

W+=WCET2,
B+=BCET2,
running=1,y=0

ready[pid]=0,running=0,
W=0,B=0

Read (RID, var_rid, nr),
W=WCET3, B=BCET3,
y=0

schedule[pid]?

BLOCKED

RUN2

READY2

RUN3

RUN1

READY1

W+=WCET1,
B+=BCET1,
y=0,running=1,t=0

y>=B

y>=B

y<=W

y>=B
computation(),
W=WCET1,
B=BCET1,
y=0

y<=W

y<=W

 
Fig. 2 – Simple cooperative task model 

 

BLOCKED: the state is entered as a result of the 

request for a particular resource through the 

request[pid][RID]! channel. The ready[pid]=0 

update on the incoming transition specifies that the 

task is unavailable for scheduling. Also, the variable 

running is reset, symbolizing that the task is not in a 

running state and the value 0 is assigned to B and W. 

The state will be left when the resource becomes 

available (the event_or_timer[RID]? channel is 

activated), the ready[pid] value being set to 1. 

If there is no task running or ready, the FreeRTOS 

kernel schedules the Idle Task. It is automatically 

created when the scheduler is started and has the 

lowest priority. Following the general task form, the 

Idle Task requests the NULL resource, periodically 

yielding processor control. So that it is always 

available for scheduling, is has no blocked state, the 

NULL resource being considered as always available. 

The Idle Task automaton is presented in Figure 3. 

 

schedule[pid]?

W=0,
B=0

request[pid][RESOURCE_NULL]!

READY RUN
y = 0,
W+=WCET,
B+=BCET

y >= B

y <= W

 
Fig. 3 – The idle task model 

 

4.2. The cooperative scheduler module 

In the cooperative behavior the running task will 

have full control of the processor, regardless of its 

priority, until it makes a blocking call. The task can 

explicitly invoke the scheduler by calling the 

taskYIELD() macro or by requesting access to a 

resource using the Request(RID) function 

implemented in the unified resource access interface. 

The task will block until the resource becomes 

available. At this point the next task to be scheduled 

will be selected. The scheduler will determine the 

highest priority task that is ready to execute and it 

will be given control of the processor until it yields 

the processor by itself or requests a resource. 

The cooperative scheduler is described by a timed 

automata that presents three states: INIT, SELECT 

and IDLE (Figure 4). 

 

schedule[pid]!

x = 0,
res_all[f] = 1,
Rotate(pid)

Init(),
x=0request[pid][f]?

SELECTIDLE INIT

pid == GetNextTask()
pid : id_task

pid : id_task,
f : id_all

x<=5  
Fig. 4 – The cooperative scheduler model 

 

The scheduler automaton’s states: 

INIT: the necessary hardware settings and 

initialization of task priorities and data structures take 

place. Because the state is committed, the scheduler 

will leave this state immediately at startup, taking the 

transition towards the SELECT state. 

SELECT: the ready task with the highest priority 

is chosen for scheduling (the GetNextTask() 

function). The invariant x<=5 specifies the time 

needed to select the next task, the value can be 

changed to match the actual physical time, which is 

hardware-dependant. 

IDLE: the previously chosen task is running. The 

state is left when the task makes a blocking request 

call. In order for the tasks with the same priority to 

have an equal chance at scheduling, the Rotate() 

function is called when the scheduler exits the IDLE 

state. 

 

4.3. The resource model 

The resource model is shown in Figure 5. 

 

x=0,
W+=RES_WCET[rid],
B+=RES_BCET[rid]

event_or_timer[rid]!
x>all_period[rid]

RESOURCE

 
Fig. 5 – The resource model 
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The MIAT values for all of the system’s resources 

are stored in the array all_period[NR_RESOURCES]. 

The guard x>all_period[rid] ensures that the 

transition doesn’t take place before the resource’s 

MIAT. When the transition does occur, the 

event_or_timer[rid]! channel is triggered. The 

RES_WCET[pid] and RES_BCET[pid]  constants are 

used to increase the values of the W and B variables, 

delaying the task interrupted by the resource ISR. 

In case a task must execute an action periodically, 

at strict interval, it can utilize the timer resource. 

Figure 6 presents the timer automaton. 

 

x = 0, missed_timer[tid]++,
W+=RES_WCET[tid],
B+=RES_BCET[tid]

x=0, W+=RES_WCET[tid],
res_all[tid]=0, B+=RES_BCET[tid]

x >= all_period[tid]

event_or_timer[tid]!

SYNC

TIMER
res_all[tid] == 0

res_all[tid] == 1

x <= all_period[tid]

 
Fig. 6 – Timer resource 

 

The timer will unblock a waiting task periodically 

by sending a signal through the event_or_timer[tid]! 

channel when the x clock has the same value as 

all_period[tid]. The constant tid represents the 

timer’s RID. 

The timer automaton’s states: 

TIMER: is the initial state, where it will remain 

until the predefined period expires. This state is left 

only when the clock x has the exact value as 

all_period[tid]. 

SYNC: this state is reached when the timer 

expires. The state is committed so it will be 

immediately left, the automaton unblocking any 

waiting task via the event_or_timer[tid]! channel. In 

order to avoid system deadlock, the timer is allowed 

to expire even if none of the tasks are blocked waiting 

for it. This is ensured by the fact that there are two 

edges from the SYNC to the TIMER state. 

The FreeRTOS tick hook function is used to 

implement the timer’s functionality. We have also 

developed drivers for the physical system’s hardware 

timers. The resource model is identical for both 

preemptive and cooperative systems. 

 

5. The preemptive model 

5.1. The preemptive application tasks 

In addition to the READY, RUN and BLOCKED 

states presented by the cooperative tasks, the 

preemptive versions also have a SUSPENDED state. 

This state is entered when the task is preempted and it 

will remain in this location until rescheduling. 

Figure 7 presents the preemptive version of the 

simple read-request-computation task model 

described in section 4. 

The task automaton’s states: 

READY1, READY2: the ready states have the 

same role as in the cooperative task’s case. 

RUN1, RUN2, RUN3: in addition to the 

characteristics presented in section 4.1, from a 

running state the task can enter a suspended state if 

preempted by the scheduler. 

SUSPENDED1, SUSPENDED2, SUSPENDED3: 

the running task can be suspended via the 

suspend[pid]? channel. The state’s invariant y’==0 

will stop the y clock from advancing while the 

automaton is in a suspended location. The task will 

re-enter the running state after being rescheduled (via 

the schedule[pid]? channel) and the clock will be 

restarted by the y’==1 expression in conjunction with 

the state’s invariant. 

 

suspend[pid]?

schedule[pid]?

schedule[pid]?

suspend[pid]?

schedule[pid]?

suspend[pid]?

y=0,running=1,
W[pid]+=WCET2, B[pid]+=BCET2

Read(RID,var_rid,nr),
W[pid]=WCET3,
B[pid]=BCET3, y=0

W[pid]+=WCET1,
B[pid]+=BCET1,
y=0,running=1,t=0

ready[pid]=1,t=0

ready[pid]=0,
running=0, W[pid]=0, B[pid]=0

running=0

schedule[pid]?

request[pid][RID]!

event_or_timer[RID]?

schedule[pid]?

RUN1

BLOCKED

READY2

READY1

y'==0

y'==0

SUSPENDED3

SUSPENDED1

RUN2
SUSPENDED2

RUN3

running=1

y>=B[pid]

running=1
y>=B[pid]

y>=B[pid]

running=0

computation(),
y=0, W[pid]=WCET1,
B[pid]=BCET1

running=0

running=1

y'==0
(y<=W[pid])&&(y'==1)

(y<=W[pid])&&(y'==1)

(y<=W[pid])&&(y'==1)

 
Fig. 7 – Preemptive task model 

 

The Idle Task is the same as in the case of the 

cooperative model, except the fact that it doesn’t 

suspend itself by requesting the NULL resource, but it 

is preempted by the scheduler. 

 

5.2. The preemptive scheduler module 

The preemptive scheduler periodically performs a 

context switch, temporarily suspending the running 

task in favor of an equal or higher priority one. It 

does so by using the tick interrupt. The FreeRTOS 

tick interrupt increments a tick count variable with 

strict temporal accuracy, providing a time base to the 

scheduler. Each time the interrupt occurs, the kernel 

determines if a task must be unblocked or awaken. If 

a higher (or equal) priority task is ready to execute, 

the scheduler will preempt the current task and 
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schedule the new one. As a consequence, tasks of the 

same priority will have a time-slice equal to the 

kernel tick interval. 

The preemptive scheduler’s model differs from 

the cooperative one by the fact that it can suspend a 

task that is in a running state via a synchronization 

channel. The model is illustrated in Figure 8. 

The scheduler’s INIT, SELECT and IDLE states 

have the same role as in the cooperative scheduler’s 

case. 

 

suspend[current_pid]!

tick?

y = 0,
res_all[f] = 1,
Rotate(pid),
current_pid=GetNextTask()

current_pid = pid

Init(),
y = 0

schedule[pid]!

request[pid][f]?

SELECT

IDLE

y<=2

INIT

SUSPEND

y=0

pid == GetNextTask()

pid : id_task,
f : id_all

y = 0,
Rotate(current_pid),
current_pid=GetNextTask()

y<=5

pid : id_task

 
Fig. 8 – The preemptive scheduler model 

 

The automaton reaches the SUSPEND state when 

it is in the IDLE location and receives a signal 

through the tick? channel. Here, the current task is 

suspended via the suspend[current_pid]! channel and 

another one will be selected in the next state 

(SELECT). 

The scheduler is synchronized with the 

Tick_Interrupt automaton (Figure 9). 

 

x=0
tick!

TICK
x >= iTickRate

x <= iTickRate
 

Fig. 9 – Tick_Interrupt automaton 

 

The x<=iTickRate invariant and the 

x>=iTickRate guard ensure that the transition occurs 

exactly when the x clock has reached the iTickRate 

constant’s value, a signal being sent through the tick! 

channel periodically. 

 

6. Simulation and formal verification 

Before simulation and verification, the time-

related constants (WCET, BCET, MIAT, timer period, 

kernel tick rate, etc.) must be adjusted to fit the actual 

physical system’s characteristics. The simulation can 

be performed using the UPPAAL integrated 

simulation tool. The requirements specifications must 

be expressed in UPPAAL’s CTL subset [10]. 

The behavioral properties verifiable are: 

reachability, safety and (bounded) liveness. 

Reachability properties: verify if it is possible to 

reach a state in which a formula p is satisfied.  Such 

properties are expressed using the path formula E<> 

p (“p – is reachable”): 

- E<> Task1.RUN1 – checks if Task1 will 

ever reach the RUN1 state (therefore 

executing the corresponding 

computation). 

- E<> Idle_Task.RUN – checks if the 

Idle_Task will ever be scheduled (all 

user tasks are blocked). 

- E<> Task1.SUSPENDED1 – verifies if 

Task1 will ever be suspended, a context 

switch taking place (for the preemptive 

version of the model). 

Safety properties: state that a formula p is 

satisfied in all reachable states or that there is a path 

in which p is always true. This can be expressed by 

the path formulae A[] p  (“invariantly p”) and E[] p 

(“p – potentially always true”): 

- A[] not (Task1.running and 

Task2.running) – two different tasks 

cannot be running at the same time. 

-  E[] Task1.READY2 imply 

Task1.t<=500 – there is a path in which 

Task1 will not spend more than 500 time 

units in the READY2 state. 

Liveness properties: in all cases, the automaton 

will eventually reach a state where a property p is 

true. Another form is that if a property p is true, 

another property q will become true eventually. This 

can be formulated with the A<> p formula 

(“inevitably p”) or p --> q (“p leads to q”): 

- A<> Task1.RUN1 – Task1 will 

inevitably be in the RUN1 state at some 

point. 

- Timer(6).SYNC --> Task5.RUN2 – 

considering a blocked task waiting for a 

timer, if Timer(6) expires Task5 will 

inevitably be scheduled. 

- Task2.SUSPENDED1 --> Task2.RUN1 

– if a task is suspended, it will eventually 

be rescheduled (preemptive model). 

Bounded liveness properties: whenever p becomes 

true, q becomes true within the time limit t: 

- Timer(6).SYNC --> (Task5.RUN2 and 

Task5.t<=200) – when Timer(6) expires 

Task5 will be scheduled within 200 time 

units. 

Deadlock freeness: UPPAAL features a special 

formula for verification of deadlock freenes:  A[] not 

deadlock [10]. 

 

7. Source code generation 

Once assured the application meets all the 

requirements, we can proceed with the 

implementation.   We have developed a code 

generator application that, based on the model 

presented as input (XML file), will recognize the 

states and function calls of each task and output the 

corresponding source code skeleton. 

In the case of the simple request-read task 

presented in the previous sections the following code 
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will be outputted: 

The generator creates a header file containing the 

declarations for all the tasks and a C language source 

code file with their implementation. These resulting 

files can be compiled in a project along with the 

FreeRTOS source code. Before compilation, all that 

remains is to add the computational blocks containing 

the algorithms that manipulate the data. Because the 

task code is identical in both cases, the same code 

generator can be used for both the cooperative and 

preemptive models 

 

8. Conclusions 

This paper presents a framework that can be used 

to model and verify real-time multitasking 

applications. The operating system, resources and 

application tasks are modeled by timed automata. 

This approach allows for the system’s simulation and 

verification before the actual implementation, 

permitting the early detections of any undesirable 

behavior. Because the method is susceptible to state 

space explosion, the model must be abstract as much 

as possible, making a compromise between model 

complexity and its state space size. 

The unified resource access interface and the code 

generator make possible the automatic generation of 

the modeled (and verified) application’s source code, 

avoiding most of the error-prone human coding. 

 

References 

[1] Culler, D. E., Hill, J., Buonadonna, P., 

Szewczyk, R., Woo, A (2001), A Network-

Centric Approach to Embedded Software for 

Tiny Devices, Proc. EMSOFT 2001:First 

International Workshop on Embedded Software, 

pp. 114-130. 

[2] Liu, J.W.S (2000), Real-time systems, 1
st
 ed., 

Upper Saddle River, New Jersey: Prentice-Hall, 

Inc. 

[3] Waszniowski, L., Hanzálek, Z. (2008), Formal 

Verification of Multitasking Applications Based 

on Timed Automata Model, Real-Time Systems, 

vol. 38 issue 1, pp. 39-65 

[4] Hessel, A., Larsen, K. G., Mikucionis, M., 

Nielsen, B., Pettersson, P., Skou, A. (2008), 

Testing Real-Time Systems Using UPPAAL, 

Formal Methods and Testing, Berlin, Germany: 

Springer-Verlag, pp. 77-117 

[5] Fersman, E (2003), A Generic Approach to 

Schedulability Analysis of Real-Time Systems,  

Ph.D. Thesis, Faculty of Science and 

Technology, Uppsala University, Uppsala, 

Sweden 

[6] Li, P., Ravindran, B., Suhaib, S., Feizabadi, S. 

(2004), A Formally Verified Application-Level 

Framework for Real-Time Scheduling on 

POSIX Real-Time Operating Systems, IEEE 

Trans. Software Eng. vol 30 issue 9, pp. 613-

629 

[7] Zaharia T., Haller P. (2008), Formal 

Verification and Implementation of Real Time 

Operating System Based Applications, Proc. 4th 

IEEE International Conference on Intelligent 

Computer Communication and Processing, 

Cluj-Napoca, Romania, pp. 299-302 

[8] The UPPAAL website (2009). [Online]. 

Available: http://www.uppaal.com/ 

[9] The FreeRTOS website (2009). [Online]. 

Available: http://www.freertos.org/ 

[10] Gerd Behrmann, Alexandre David, and Kim G. 

Larsen (2004), A Tutorial on Uppaal, Proc 4
th

 

International School on Formal Methods for the 

Design of Computer, Communication, and 

Software Systems (SFM-RT'04), vol 3185 of 

LNCS, Springer-Verlag 

[11] Peter Linz, (2006), An Introduction to Formal 

Language and Automata, Ed. USA, Jones and 

Bartlett Publishers, Inc. 

[12] Muth M., Ryan M. (2004), Logic in Computer 

Science: Modelling and reasoning about, 2
nd

 

ed., USA, New York, Cambridge University 

Press New York 

 

void Task1( void *pvParameters ) 

 { 

    for( ;; ) 

    { 

     //RUN1 

     Request(RID);//BLOCKED 

     //RUN2 

     Read(RID, rid_var, nr); 

     //RUN3 

     //!!computation();        

     } 

 } 
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ABSTRACT 

The development of the informational society, which has led to an impressive growth of 

the information volume circulating in the computer networks, has accelerated the 

evolution and especially the use of modern cryptography instruments. Today, the 

commercial products use standard cryptographic libraries that implement certified and 

tested cryptographic algorithms. Instead, the fragility of encryption algorithms is given by 

compositional operations like key handling or key generation. In this sense, the article 

proposes an innovative method to generate pseudorandom numbers which can be used 

for the construction of secure stream encryption keys. The proposed method is based on 

the mathematical complements based on the algebra of the finite fields and uses a 

particularized structure of the linear feedback shift registers. 

 

Keywords: cryptographic systems, pseudorandom sequences generation, data encryption, backtracking 

 
1. Introduction 

To achieve a safe system of protection of 

information is necessary an analysis of all possible 

directions of attack on it. It is unnecessary to secure 

one side of the system when the attack can be easily 

done on one side insufficiently secured. The 

vulnerability of the encryption systems can be 

significantly accelerated if the key generation process 

is predictable. 

The stream ciphers encrypt individual characters 

(usually binary digits) of a plaintext message one at a 

time, using an encryption transformation which varies 

with time. Thus, the plaintext            is 

combined character by character with a string 

           named fluid key. The main problem is 

to generate such an encryption key that can be 

obtained either randomly or based on an algorithm 

which starts from a small sequence of encryption 

keys. The article presents an effective way to generate 

a sequence of pseudorandom numbers, with extended 

period used for the building of the necessary keys of a 

stream encryption system. The proposed algorithm is 

based on the motion technique with linear feedback 

and mathematical complements based on finite field 

algebra. 

 

2. About the generation of pseudorandomly 

numbers 

Almost all the cryptographic systems and 

protocols used in cryptography are based on the 

choice of unpredictable arbitrary numbers; known 

under the standard name of randomly numbers or 

numbers randomly generated. A perfect randomly 

number is a number that the attacker cannot guess but 

through gross strength. A very important part of the 

cryptanalysis is based on exploiting the imperfections 

of some functions that generates random numbers. A 

pseudo random numbers generator (PRNG) is an 

algorithm for generating a string of numbers that are 

relatively independent to each other and that 

approximates some properties of the strings of 

random numbers. Since any PRNG that runs on a 

deterministic computer is a deterministic algorithm, 

the generating string will have certain characteristics 

that a natural random numbers string does not have. 

This characteristic is the frequency, guaranteed by the 

fact that the generator uses a fixed amount of 

memory, which will lead, after a sufficiently number 

of iterative, the algorithm returns to an interior state 

already crossed, and from this moment it will repeat 

infinitely its cyclic behavior. Another characteristic of 

a PRNG is highlighted by the possibility of being 

activated from an arbitrary starting point - the initial 

state. 

In order to generate a sequence of numbers, are 

established the initial values        which form the 

seed of the generator. 

To this we apply the recurrent relationship, 
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defined as: 

 

    (                )         
where:       with M set of natural numbers 

which can be represented in computer. 

The generator of pseudorandom numbers must 

fulfill the following conditions: 

• to be simple and quick; 

• to produce strings of numbers with arbitrary 

length which includes no repetitions; 

• to generate numbers with a uniform distribution; 

The fulfillment of these conditions can be ensured 

through a good choice of the function. 

 

3. Generation of pseudorandom numbers using 

shifting registries. 

The NIST has developed a set of statistical tests 

for random numbers that have as objective to 

determine binary string deviation from the quality of 

being random. The interpretation of these deviations 

should take into consideration as possible causes the 

fact that the generator presents designing defects as 

well as the fact that the tested binary string presents 

abnormalities which is explainable by the appearance 

of the randomly generated data. 

It makes the following assumptions on random 

binary strings to be tested: 

- the uniformity: in any moment of the bit string 

generation, the appearance probability of a zero or 

one is the same value, namely ½. The expected 

number of zero bytes (respectively one) is n/2, where 

n is the length of the string in bytes. 

- the scalability: any test applicable to a string 

applies also to any string randomly extracted. So, any 

such substring should successfully pass any randomly 

test. 

- the consistency – the behavior of a generator 

must be consistent relative to initial values (seeds). 

The generator must be tested for different initial 

values [3]. 

In practice, the pseudorandom numbers generators 

used until now can be divided in the classes of 

generating algebraic pseudorandom numbers, classes 

of generating arithmetic pseudorandom numbers, 

classes of generating pseudorandom numbers based 

shifting registry ( linear circuits) and generating 

pseudorandom numbers based on chaotic functions 

[4]. 

Most cryptographic applications use 

pseudorandom numbers for the construction of 

encryption keys used in securing information. For 

example, in generating digital signatures or in the 

authentication process, the cryptographic protocols 

require such input strings with random characteristics. 

 

4. Generation of pseudorandom numbers by 

shift registers. 

A linear feedback shift register includes two parts: 

one shift register composed of one string of bits 

whose number determines the length of the register 

and a feedback function. To generate a bit, all the 

existing bits in the register are shifted to the right. 

The output of the register is the bit from the right 

position, which leaves the register through the 

shifting. The register is completed with a new bit 

position on the left, this being calculated as the value 

of a function of other bits from the register. (Fig. 

1).The period of a shift register is determined by the 

length of the string of generated bits, before this 

string to be repeated. 

 

 
Fig. 1 – A linear feedback shift registers 

 

The simplest register is LFSR (Linear Feedback 

Shift Register). The feedback function is XOR 

operation between certain bits of the register; the list 

of the bits is called the "tap" sequence or Fibonacci 

configuration. A LFSR with L states can be also 

defined using a polynomial (called characteristic – 

fig.2) 

 ( )           
       

          
 

 
Fig. 2 – The tap sequence of a LFSR corresponding to a 

polynomial 
 

From the figure 2, we can see that LFSR with the 

initial state   ,              - generate the output 

sequence               by following recurrent  

   (                   (   )    ) 

       . A shift register with linear feedback can 

be used for normal polynomial operations: additions, 

subtractions, multiplications and divisions. Therefore, 

the “tap" sequence may correspond to a polynomial 

 ( )     and in the storage elements  ( )     the 

coefficients of an arbitrary polynomial can be 

introduced. In the Figure 3 is presented a shift register 

with linear feedback with a particularized structure to 

make the division of two polynomials. 

 

 
Fig. 3 – The division operation of two polynomials 
 

If the polynomial  ( )     of degree n which 

form the "tap" sequence is irreducible over Z2 , may 

be defined the multitude of the rests classes 

polynomial modulo  ( )     such: 

   *                
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  +, where   can be considered a polynomial of 

degree     [2]. 

In the register defined in Figure 3, if the "tap” 

sequence polynomial is irreducible and in the storage 

elements are introduced the initial polynomial 

coefficients  ( )   , namely the vector (         ) 
at the next step   is obtained. Leaving the register to 

function, it is generated successively the elements of 

the set *            +, namely all the elements of 

the finite field   . 

In the algebraic theory of the finite fields, applied 

to the    field defined above, have been emphasized 

the following results: 

- the number of elements of    is   ; 

- the    field can be built from the roots of the 

polynomial   ( )   
    . 

In conclusion, for the LFSR to be maximum 

period, the polynomial formed of the "tap" sequence 

must be an irreducible polynomial modulo 2, with 

degree equal to the length of the register. 

 

5. Proposed Algorithm for the pseudorandom 

sequences generation. 

In order to achieve the desideratum of generating 

pseudorandom numbers with larger periods it is 

proposed the elaboration of an algorithm that 

generates irreducible polynomials with a degree 

greater than 256. The obtained results are introduced 

in the shifting registers with linear feedback described 

above, resulting sequences of pseudorandom numbers 

with large periods, which can be used successfully for 

the construction of cryptographic keys. 

Having as starting point the results from the 

theory of finite fields listed above, the algorithm 

involves the selection of a polynomial such as      

and for each i =1, 2, ..., 256 involves the construction 

of the polynomials    through the following steps: 

1) it calculates     the rest of the division of 

(  )
  to the polynomial  ( )    . 

2) it calculates the ,  (    )-     the greatest 

common factor of f and polynomials (    ) and 

interprets the result such result: 

- if     then polynomial f is reducible and 

the testing ends; 

- if    , than it is built the polynomial 

        and the operations 1 and 2 are repeated. 

If               , then it concludes that 

the polynomial f is irreducible. 

Due to the fact that the polynomial has the 

coefficients in    field, in the implementation of the 

algorithm, we optimized the management of memory 

in the next manner: 

- we stored groups of 8 coefficients in a byte, 

starting from    to   . So, the coefficient    was 

stored in the byte numbered by k div 8 on the position 

k mod 8.  

- we used a string allocated dynamically 

because each element of it is a byte. 

The generation of the polynomials was made by 

the Backtracking method. Because the irreducibility 

of a polynomial can not be tasted before the 

generation of all its coefficients we were able to make 

only a minor improvement: we testing the 

irreducibility of a polynomial if the number of its 

coefficients equal with 1 was odd. 

The number of irreducible polynomials with 

degree n in field    is   
    

 
, so that after running 

the program, the output is corresponding to some bits 

sequences in number of 2
215

. For proper management 

of output data is proposed that the input data to 

represent the order numbers of generated 

polynomials. 

 

 
Fig. 4 – Input data 

 

The output data are sequences of numbers 0 and 1, 

corresponding to coefficients of a polynomial 

irreducible in Z2. 

 
Fig. 5 – Output data 

 

The bits sequences thus obtained are entered into 

the shift register with linear feedback with 

customized structure (Fig. 2). So, we obtain the 

sequence of pseudorandom numbers with large 

periods (2
256

) which can be used successfully for the 

construction of the encryption keys. 

 

 6.Conclusions 

The innovative method of generating 

pseudorandom numbers by the register with linear 

feedback, used in implementation of the presented 

algorithm, focuses on the following aspects: 

- in the generated sequence of pseudorandom 

numbers is no obvious correlation between the initial 

values and any of the values generated by it; each 

element of generated string appears as the output of a 

random independent event with the probability ½. 

- the generated sequence of pseudorandom 

numbers is by the large period(up to 2
256

), due to the 

"tap" sequence from the shifting register linear 

feedback that has the structure of an irreducible 

polynomial in Z2. 

The data encryption using a fluid key constructed 
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by the proposed algorithm can be achieved by the 

following steps: 

- for each character       of the plaintext, the 

appropriate ASCII code is converted into a binary 

string of length 7. For example:  

        ( )        (             ) 
- the LFSR with initial state 

 ( )  (  ( )   ( )       ( )) generate the key 

stream, a sequence of 7n-bits 

(  ( )   ( )     (    ) , which are grouped into 

n 7-bit blocks. 

- the cipher text   (             consists of n 

7-bit vectors where yi is the XOR of the plaintext 

block xi and the block of key si [1]. 

The proposed algorithm is used to generate the 

irreducible polynomials with a degree higher than 

256. The outputs are sequences of numbers 0 and 1, 

corresponding to the coefficients of an irreducible 

polynomial in Z2. 

Based on the bits string obtained is build the "tap 

sequence” for a linear feedback shift register 

obtaining pseudorandom numbers sequences with 

longer periods (2
256

) that can be used successfully for 

construction of stream encryption keys. 

The next phase of the research project is to 

develop an algorithm to generate primitive 

polynomials of degree higher than 256, in order to 

obtain pseudorandom sequences with longer period. 
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ABSTRACT

In a Banach algebra the spectrum of an element does not depend on the norm, but
only on the algebraic structure. The numerical range of an element in a normed
algebra is a subset of the scalar field which together reflect the normed and algebraic
structure. When the algebra is complete, the numerical range of an element contains
the spectrum of this element. In a unitary normed algebra the numerical radius is a
norm which is equivalent with the given norm. We generalize many of the theories of
numerical range for the normed algebras to a theory of locally m-convex algebras.
We will establish relations approximation between numerical range and spectrum of
the element from locally m-convex unitary complete algebra.

Keywords: Banach algebra, numerical range, numerical radius, spectrum of element,
locally m-convex unitary complete algebras

1 Introduction

We expand the notions of normed algebras to locally m-
convex algebras. It is shown the approximate relations be-
tween the numerical range and the spectrum of an element
are maintained in the generalization.

For a normed complex unitary algebra (A, ∥·∥) we define
the set: D(A, ∥ · ∥; 1) = {f ∈ A′|f(1) = 1 and ∥f∥ = 1}.
For any a ∈ A we define numerical range of a the set

V (A, ∥ · ∥; a) = {f(a)|f ∈ D(A, ∥ · ∥; 1)},

and numerical radius the set:

v(A, ∥ · ∥; a) = sup{|λ| | λ ∈ V (A, ∥ · ∥; 1)}.

The set D(A, ∥ · ∥; 1) is a convex subset, weak compact
of A′ and numerical range V (A, ∥ · ∥; a) is also a compact
subset of C, [2].

The properties and applications of numerical ranges on
a normed algebra have been largely studied and the main
results have been presented by F.F. Bonsall and J.Duncan
[2]. The m-convex locally algebras have been thoroughly
examined by E.A. Michael in [5].

We want to expand the concept of numerical range from
normed unitary complex algebras to locally m-convex al-
gebras. For this it is sufficient to observe that for a given
m-convex locally algebra A, with unital 1 there exists an in-
creasingly family of submultiplicatively seminormes {pα}
on A which generates the topology such that pα(1) = 1 for
all α. Given this algebra we denote with P (A) the class
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 of all these family of seminormes on A and with (A, {pα})
the algebra A with the family {pα} fixed by seminormes
{pα} ∈ P (A).

Given (A, {pα}) for each α we denote with Nα the
null subspace of pα, through Aα factor subspace A|Nα

and with ∥ · ∥α we denote the norm on Aα, defined by
∥x + Nα∥α = pα(x). For each α, we consider the lin-
ear canonical map x 7→ xα ≡ x + Nα from A to Aα. We
denote by 1α the unital element in Aα and it results that
∥1α∥α = 1 for all α. Michael has obtained the significant
result that A is isomorph with a subalgebra of the product
of normed algebras (Aα, ∥ · ∥α).

Using this characterization of locally m-convex algebras
we generalize many of the theories of numerical range for
the normed algebras to a theory of locally m-convex alge-
bras.

2 Numerical range

Given (A, {pα}), we define the set: Dα(A, pα; 1) ≡
{f ∈ A′|f(1) = 1 and ∥f(x)∥ ≤ pα(x), for all x ∈ A},
and write

D(A, pα; 1) =
∪
α

{Dα(A, pα; 1)}.

For all a ∈ A we write

Vα(A, pα; a) ≡ {f(a)|f ∈ Dα(A, pα; 1)}

and define numerical range as the set

V (A, {pα}; a) ≡
∪
α

{Vα(A, pα; a)}.

To each linear functional f on (A, pα) which becomes null
on Nα we can associate the linear functional F on Aα

through F (xα) = f(x) and to each F pe Aα we can as-
sociate the linear functional f on (A, pα) trough f(x) =
F (xα).

Hence it follows from the definition of the norm on Aα

that Dα(A, pα; 1) is isomorphic with D(Aα, ∥ · ∥α; 1α) and
for a ∈ A we have:

Vα(A, pα, a) = V (Aα, ∥ · ∥α; aα).

Hence it results that numerical range of a is characterized
by numerical ranges of aα in normed algebras such as:

V (A, {pα}; a) =
∪
α

{V (Aα, ∥ · ∥α; aα)}.

Both D(A, {pα}; 1) and V (A, {pα}; a) depend on the cho-
sen fixed family of seminorms associated to algebra A. It
is obviously that when {pα} is an increasingly family of

seminorms, D(A, {pα}; 1) is a convex subset of A′ and nu-
merical range V (A, {pα}; a) is a convex subset of C.

For any a ∈ A we write:

vα(A, pα; a) ≡ sup{|λ| | λ ∈ Vα(A, pα; a)}

and we define numerical radius of a as:

v(A, {pα}; a) ≡ sup{|λ| |λ ∈ V (A, pα; a)}.

We have:
vα(A, pα; a) ≤ pα(a)

for all α and putting v(A, {pα}; a) = ∞, we have that:

v(A, {pα}; a) = sup
α

vα(A, pα; a) = sup
α

vα(A, ∥ · ∥α; a).

It is obvious that numerical range and numerical radius
have the following properties for a ∈ A and λ, µ complex:

V (A, {pα};λa+ µ · 1) = λV (A, {pα}; a) + µ

and

v(A, {pα};λa+ µ · 1) ≤ |λ|v(A, {pα}α; a) + |µ|.

and for a, b ∈ A we have:

V (A, {pα}; a+ b) ⊆ V (A, {pα}; a) + V (A, {pα}; b)

and

v(A, {pα}; a+ b) ≤ v(A, {pα}; a) + v(A, {pα}; b).

2.1 The spectrum and numerical range of
the element

We now establish approximation relations between spec-
trum and numerical range of an element.

We know that given the unitary algebra A, for any a ∈ A,
spectrum of a is defined as:

σ(A; a) ≡ {λ|a− λ · 1is non-invertible}.

Theorem 1. Let A be an unitary locally m-convex algebra
and x ∈ A. Then

σ(A;x) ̸= ∅.

Proof. If x ̸∈ G(A) it follows that 0 ∈ σ(A;x) and so

σ(A;x) ̸= ∅.

Let x ∈ G(A). We suppose that σ(A;x) = ∅. Hence
Cσ(A;x) = C. It follows that for all λ ∈ C, λ · 1 − x ∈
G(A). Hence λ(1− 1

λx) ∈ G(A), for all λ ̸= 0.
It follows that for all z ∈ C∗ we have 1− zx ∈ G(A).
Since 1 ∈ G(A) it follows that 1−zx ∈ G(A) for all z ∈ C.
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 We have from corollary [A.2, 9], taking I = 0 and pα(1 −
0) ≥ 1, for all α, that exists f ∈ A′ such that:
f |I = 0, f(1) = 1, |f(x)| ≤ pα(x), for all x ∈ A. Let be
the map F : C → C, defined by:

F (z) = f((1− zx)−1).

F (z)− F (z0)

z − z0
=

f((1− zx)−1 − (1− z0x)
−1)

z − z0
=

=
f((1− zx)−1(z − z0)x(1− z0x)

−1

z − z0
) =

= f((1− zx)−1(1− z0)
−1)x.

(Since (1− zx)x = x(1− zx) we have:

x = (1− zx)−1x(1− zx) ⇒ x(1− zx)−1 =

= (1− zx)−1x).

lim
z→z0

F (z)− F (z0)

z − z0
= f((1− z0)

−2x) = F ′(z0).

Since F is C - derivable results that F is holomorphic. We
have:

lim
z→∞

F (z) = lim
z→∞

f([z(
1

z
· 1− x)]−1) =

= lim
z→∞

1

z
f((

1

z
· 1− x)−1) = 0.

Hence if follows that F is constant, F (0) = F (z) = 1. But

f((1− zx)−1) ≤ pα((1− zx)−1) =

=
1

|z|
pα((

1

z
1− x)−1) →z→∞ 0.

It follows that 1 ≤ 0 is contradiction. Hence σ(A;x) ̸=
∅.

Proposition 1. Let be A a complete locally m-convex alge-
bra and x ∈ A. If A is a q-algebra (i.e. Gq(A) - open set),
then σ(A;x) is a compact set.

Proof. Since Gq(A) is open set and 0 ∈ Gq(A), it follows
that there exists an equilibrated neighborhood V of 0, such
that V ⊆ Gq(A). Since V is absorbent it follows that there
exists α > 0 such that αx ∈ V .
Let ρ(x) := sup

λ∈σ(A;x)

|λ|, ρ(x) is call spectral radius of x.

We show that ρ(x) ≤ 1
α .

Suppose by absurd ρ(x) > 1
α .

It follows that there exists λ ∈ σ(A;x), such that |λ| >
1
α .

It follows that | 1
αλ | < 1. Since V is equilibrated, then

1
αλαx ∈ V .

It follows that there exists 1
λx ∈ V , so 1

λx ∈ Gq(A), so
λ ̸∈ σ(A;x), contradiction.

Therefore ρ(x) ≤ 1
α , hence σ(A;x) is bounded.

Let Cσ(A;x) = {λ ∈ C|λ · 1− x ∈ G(A)}.
Let λ0 ∈ Cσ(A;x), then λ0 · 1 − x ∈ G(A), it follows

that there exists pα1 , ..., pαn such that:

Bpα1 ,...,pαn
(λ0 · 1− x, r) ⊆ G(A).

Therefore pαi(λ · 1− x− (λ0 · 1− x)) ≤ r, for all i = 1, n
if and only if |λ− λ0| < r. Hence B(λ0, r) ⊆ Cσ(A;x), it
follows that Cσ(A;x) is open set, since σ(A;x) is a closed
set.

Since σ(A;x) is bounded and closed set it follows
σ(A;x) is a compact set.

Proposition 2. Let be A a locally m-convex, unitary alge-
bra. We denote by

Gx := {λ ∈ C|1− λx ∈ G(A)}

and we suppose there exits r > 0 such that Dr(0) ⊆ Gx.
Let f : Gx → A, f(λ) = (1− λx)−1.
Then:
1) f is derivable on Dr(o) and f ′(λ) = (1− λx)−2x.
2) fm is indefinitely derivable on Dr(o) and (fm)(n)(λ) =
m(m+ 1)...(m+ n− 1)fm+n(λ)xn, for all m ∈ N∗, n ∈
N.
3) For any s ∈ A′, s(fm(λ))(n) = m(m + 1)...(m + n −
1)s(fm+n(λ)xn).

Proof. 1) lim
λ→λ0

f(λ)− f(λ0)

λ− λ0
=

= lim
λ→λ0

(1− λx)−1 − (1− λ0x)
−1

λ− λ0
=

= lim
λ→λ0

(1− λx)−1(1− λ0x)
−1(λ− λ0)x

λ− λ0
=

= (1− λ0x)
−2x = f2(λ0)x.

Hence:

f ′(λ) = f2(λ)x, for all λ ∈ Dr(0).

f ′′(λ) = 2f ′(λ)x = 2f3(λ)x2, for all λ ∈ Dr(0).

2) fm(λ) = (1− λx)−m

lim
λ→λ0

fm(λ) − fm(λ0)

λ − λ0

=

= lim
λ→λ0

(1 − λx)−m − (1 − λ0x)−m

λ − λ0

=

= lim
λ→λ0

(1 − λx)−m[(1 − λx)−m − (1 − λ0x)−m](1 − λ0x)−m

λ − λ0

=

= lim
λ→λ0

 {(λ − λ0)x[(1 − λ0x)m−1 + ... + (1 − λx)m−1]}

λ − λ0

·

·
(1 − λx)−m(1 − λ0x)−m

λ − λ0

 =

= m(1 − λ0x)
−(m+1)

x, for all m ∈ N
∗

231 

 



 Hence (fm)′(λ) = m(fm+1)(λ)x, for all λ ∈ Dr(0).
We show

(fm)(n) = m(m+ 1)...(m+ n− 1)fm+n(λ)xn.

We have that:

(fm)′ = mfm+1(λ)x.

We suppose that:

(fm)(n) = m(m+ 1)...(m+ n− 1)fm+n(λ)xn. ⊙

We want:

(fm)(n+1) = m(m+ 1)...(m+ n)fm+n+1(λ)xn+1.

It follows from ⊙ that:

(fm)(n+1) = m(m+ 1)...(m+ n− 1)(m+ n)

fm+n+1(λ)xn+1.

through its derivation ⊙. Therefore fo rall λ ∈ Dr(0)

(fm)(n) = m(m+ 1)...(m+ n− 1)fm+n(λ)xn,

for all m ∈ N∗, for all n ∈ N.
3) For any s ∈ A′ we have:

lim
λ→λ0

s(f(λ))− s(f(λ0))

λ− λ0
= lim

λ→λ0

s(
f(λ)− f(λ0)

λ− λ0
) =

= s(f ′(λ0)).

Therefore

s (fm(λ))
(n)

= m(m+ 1)...(m+ n− 1)s(fm+n(λ)xn)

for all λ ∈ Dr(0), for all m ∈ N∗, for all n ∈ N.

Theorem 2. Let be A an unitary, m-convex algebra and we
suppose these exists r > 0 such that Dr(0) ⊆ Gx, s ∈ A′.
Then:

s(xn) = n!m!
(m+n)!

1
2πi

∫
∂Dρ(0)

s(fm+1(ξ))

ξn+1
dξ for all n ∈

N∗, for all m ∈ N, where f : Gx → A, f(λ) =
(1− λx)−1, for all 0 < ρ < r.

Proof. Let be function:
Gx → C
ξ 7→ D(fm+1(ξ))
derivable on Dr(0) and ∂Dρ(0) ⊂ Dr(0), for all 0 < ρ <
r. Then:
n!
2πi

∫
∂Dρ(0)

s(fm+1(ξ))

(ξ − 0)n+1
dξ = s(fm+1(0))(n) =

= (m + 1)...(m + 1 + n − 1)s(fm+1+n(0)xn) =
(m+ n)!

n!
s(xn), for all 0 < ρ < r.

It follows

that: s(xn) = n!m!
(m+n)!

1
2πi

∫
∂Dρ(0)

s(fm+1(ξ))

ξn+1
dξ, for all

0 < ρ < r.

Corollary 1. Let be A an unitary m-convex algebra, x ∈ A
and there exists r > 0 such that Dr(0) ⊆ Gx. Then
pα(x

n) ≤ n!m!
(n+m)!

1
ρn sup

ξ∈∂Dρ(0)

pα(f
m+1(ξ)), for all 0 <

ρ < r.

Proof. If pα(x
n) = 0, for all α inequality it is evident.

We suppose that ∃α such that pα(x
n) ̸= 0. We take

y = xn

pα(xn) , with pα(y) = 1. Let K ∈ {C,R}, f1 :

Ky → C, f1(λy) = λ, f1linear and|f1(λy)| = |λ| ≤
|λ|pα(y) = pα(λy). It follows that there exists s ∈ A′ such
that: s|Ky = f1, s(y) = 1. |s(y) ≤ pα(y), for all y ∈ A.

Since s(
xn

pα(xn)
) = 1, it follows that s(xn) = pα(x

n).

since pα(x
n) ≥ 0, it follows that s(xn) = |s(xn)|. Hence

pα(x
n) = |s(xn)| =

=
n!m!

(n+m)!

1

2πi

∣∣∣∣∣
∫
∂Dρ(0)

s(fm+1(ξ))

ξn+1
dξ

∣∣∣∣∣ =

n!m!

(n+m)!

1

2πi

∣∣∣∣∫ 1

0

s(fm+1(ρe2πit))ρe2πit

ρn+1e2πit
dt

∣∣∣∣ 2πi ≤
≤ n!m!

(n+m)!

1

ρn

∫ 1

0

∣∣s(fm+1(ρe2πit))
∣∣ dt ≤

n!m!

(n+m)!

1

ρn

∫ 1

0

∣∣pα(fm+1(ρe2πit))
∣∣ dt ≤

≤ n!m!

(n+m)!

1

ρn
sup

ξ∈∂Dρ(0)

pα(f
m+1(ξ)), for all 0 < ρ < r.

Hence pα(x
n) ≤ n!m!

(n+m)!

1

ρn
sup

ξ∈∂Dρ(0)

pα(f
m+1(ξ)), for

all 0 < ρ < r, for all α.

Lemma 1. Let be A a united locally m-convex algebra and
x ∈ A, such that v(A, {pα};x) < 1. The following asser-
tions hold:
1) There exists (1−λx)−1, for all λ ∈ D1(0); (i.e.D1(0) ⊂
Gx)

2) pα((1 − λx)−1) ≤ 1

1− v(A, {pα};x)
, for all α, for all

λ ∈ D1(0)

Lemma 2. If A is an unitary locally m-convex algebra and
x ∈ A then there exists lim

n→∞
(pα(x

n))
1
n and

lim
n→∞

(pα(x
n))

1
n = inf

n
(pα(x

n))
1
n , for all α.

We denote inf
n
(pα(x

n))
1
n =: l.

Proof. For any ϵ > 0, there exists m ∈ N such that
(pα(x

m))
1
m ≤ l + ϵ, for all α.

For all n ≥ m, we have n = mq + r.
(pα(x

n))
1
n = (pα(x

mq+r))
1

mq+r ≤
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 ≤ (pα(x
mq))

1
mq+r (pα(x))

r
n ≤

≤ ((pα(x
m))

1
m )

n−r
n (pα(x))

r
n ≤

≤ (l + ϵ)1−
r
n (pα(x))

r
n

Putting n → ∞ it follows that (pα(xn))
1
n ≤ l + ϵ.

If ϵ → 0 we have (pα(x
n))

1
n ≤ l.

It follows that limpα(x
n))

1
n = limpα(x

n))
1
n = l.

Hence lim
n→∞

pα(x
n))

1
n = inf

n
pα(x

n))
1
n .

Theorem 3. Let be A an unitary, locally m-convex and
complete algebra. Given (A, {pα}), for any x ∈ A we have
that:

σ(A;x) ⊆ V (A, {pα};x).

Proof. We know that D(A, {pα}; 1) =
∪
α

D(A, pα; 1).

It follows that

D(A, {pα}; 1) = {f ∈ A′|f(1) = 1,

exists α such that |f(x)| ≤ pα(x), for all x ∈ A}. The set
D(A, {pα}; 1) is call the set of states of A.
Let be M a subset of A.
We denote by

Dl
M (A, {pα}; 1) : = {f ∈ D(A, {pα}; 1)|f(yx) =

= f(y)f(x), for all y ∈ A, x ∈ M},

the set of multiplicatively to left states with respect to M.
We denote by

Dr
M (A, {pα}; 1) : = {f ∈ D(A, {pα}; 1)|f(yx) =

= f(y)f(x), for all y ∈ M,x ∈ A},

the set of multiplicatively to right states with respect to M.
Let be Dl

{x}(A, {pα}; 1) (respectively Dr
{x}(A, {pα}; 1))

the set of relatively multiplicatively to left states with re-
spect to x (respectively the set of relatively multiplicatively
to right states with respect to x).
Let be D{x}(A, {pα}; 1) the set of multiplicatively states
with respect to x.
We have D{x}(A, {pα}; 1) = Dl

{x}(A, {pα}; 1)∪
Dr

{x}(A, {pα}; 1).
We denote σ̃l(A; a) (respectively σ̃r(A; a)) the anulate
spectrum to left of x (respectively anulate spectrum to right
side of x).
σ̃l(A; a) = {λ ∈ C|∃α s.t. for all y ∈ Jl(λl − x), pα(1 −
y) ≥ 1},
σ̃r(A; a) = {λ ∈ C|∃α s.t for all y ∈ Jr(λl − x), pα(1 −
y) ≥ 1},
where Jl(λ·1−x) (respectively Jr(λ·1−x)) represents the
left ideal (respectively the right ideal) generated of λ ·1−x.
We denote σ̃(A;x) = σ̃l(A;x) ∪ σ̃r(A;x).

We show that σ̃l(A;x) ⊆ σl(A;x), where:

σl(A;x) := {λ|λ · 1− xit is non-invertible to left}.

Let λ ∈ σ̃l(A;x). We suppose that λ ̸∈ σl(A;x).
It follows that t ∈ A such that t(λ · 1− x) = 1.
Since 1 ∈ Jl(λ · 1 − x), it follows that pα(1 − 1) ≥ 1.
Contradiction.
Therefore σ̃l(A;x) ⊆ σl(A;x).
We show Cσ̃l(A;x) ⊆ Cσl(A;x).
Let λ ∈ Cσ̃l(A;x). It follows that
for all α, for all y = z(λ·1−x), z ∈ A, pα(1−z(λ·1−x)) <
1.
We have that z(λ ·1−x) ∈ G(A). Hence λ ·1−x ∈ Gl(A).
It follows that λ ̸∈ σl(A;x). Hence σl(A;x) ⊆ σ̃l(A;x).
Therefore σ̃l(A;x) = σl(A;x).
Analogously we show that σ̃r(A;x) = σr(A;x),
where σr(A;x) = {λ|λ ·1−x it is non-invertible to right}.
We have that σ(A;x) = σl(A;x) ∪ σr(A;x).
It follows that σ(A;x) = σ̃l(A;x) ∪ σ̃r(A;x). (1)
We show σ̃l(A;x) = {f(x)|f ∈ Dl

{x}(A, {pα}; 1)}.
Let λ ∈ σ̃l(A;x). It follows that there exists α such that:
pα(1− y) ≥ 1, for all y ∈ Jl(λ · 1− x).
Hence there exists f ∈ A′ such that f(1) = 1, |f(x)| ≤
pα(x), for all x ∈ A, f |Jl(λ·1−x) = 0.
It follows that f(λ · 1− x) = 0. Hence λ = f(x).
For all y ∈ A, f(y(λ · 1− x)) = λf(y)− f(yx) = 0.
It follows that f(yx) = f(x)f(y) = f(y)f(x).
Hence we have σ̃l(A;x) ⊆ {f(x)|f ∈ Dl

{x}(A, {pα}; 1)}.
We show conversely inclusion. There exists α such that:
f(1) = 1, |f(x)| ≤ pα(x), for all x ∈ A and f(yx) =
f(x)f(y), for all y ∈ A.
Let λ = f(x). We have that:
|f(1− y(λ · 1− x))| ≤ pα(1− y(λ · 1− x)),
|1− f(y)f(x) + f(y)f(x)| ≤ pα(1− y(λ · 1− x)).
It follows that pα(1− y(λ · 1− x)) ≤ 1.
Hence λ ∈ σ̃l(A;x). Therefore:
{f(x)|f ∈ Dl

{x}(A, {pα}; 1)} ⊆ σ̃l(A;x).
From above:
σ̃l(A;x) = {f(x)|f ∈ Dl

{x}(A, {pα}; 1)}.
Analogue we show that:
σ̃r(A;x) = {f(x)|f ∈ Dr

{x}(A, {pα}; 1)}.
It follows from (1) and above that:
σ(A;x) = {f(x)|f ∈ D{x}(A, {pα}; 1)}.
Therefore σ(A;x) ⊆ V (A, {pα}; 1).

Theorem 4. Let be A a locally m-convex unitary complete
algebra. Then:

ρ(x) = sup
α

lim
n→∞

(pα(x
n))

1
n

Proof. We suppose that ρ(x) is bounded. Let r > ρ(x), λ ∈
C
such that |λ| > ρ(x) (hence |λ| > 0) and λ ̸∈ σ(A;x),
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 hence λ · 1− x ∈ G(A) It follows that λ(1− 1
λx) ∈ G(A).

It follows that 1 − 1
λx ∈ G(A), for all | 1λ | ≤

1
r , therefore

D 1
r
(0) ⊆ Gx.

It follows that from corollary when m = 0:

Pα(x
n) ≤ 1

ρn
sup

ξ∈∂Dρ(0)

pα((1− ξx)−1),∀α,∀0 < ρ <
1

r
.

Hence (pα(xn))
1
n ≤ 1

ρ supξ∈∂Dρ(0) pα((1−ξx)−1), for all
0 < ρ < 1

r , for all α.

It follows that lim
n→∞

(pα(x
n))

1
n ≤ 1

ρ
. Putting ρ ↗ 1

r we

have sup
α

lim
n→∞

(pα(x
n))

1
n ≤ ρ(x). (∗)

We show above theorem that:

σ(A;x) = {f(x)|f ∈ D{x}(A, {pα}, 1)}.

Let λ ∈ σ(A;x). It follows that there exists f ∈
D{x}(A, {pα}, 1) such that λ = f(x).
Hence λn = (f(x))n = f(xn),
because f is relatively multiplicatively with respect to x.
it follows that there exist α such that:

|λn| = |f(xn)| ≤ (pα(x
n)), for all n ∈ N.

Hence there exists α such that |λ| ≤ lim
n→∞

(pα(x
n))

1
n .

Therefore |λ| ≤ sup
α

lim
n→∞

(pα(x
n))

1
n .

Hence ρ(x) ≤ sup
α

lim
n→∞

(pα(x
n))

1
n . (∗∗)

From (∗) and (∗∗) we have that
ρ(x) = sup

α
lim

n→∞
(pα(x

n))
1
n .

Therefore ρ(x) = ∞ it follows from (∗∗) that
lim

n→∞
(pα(x

n))
1
n = ∞.

Therefore ρ(x) = sup
α

lim
n→∞

(pα(x
n))

1
n .

Theorem 5. Let be A an unitary, locally m-convex, com-
plete algebra. For all a ∈ A we have:

co σ(A; a) ⊆
∩

{V (A, {pα}; a)|{pα} ∈ P (A)} ⊆ co σ(A; a).

Proof. From Theorem 3 we have that:

co σ(A; a) ⊆
∩

{V (A, {pα}; a)|{pα} ∈ P (A)}.

If co σ(A; a) it is not complex plan, then for all λ ̸∈
co σ(A; a) there exists an open disk Dλ, centered in λ, such
that Dλ can be separated strictly from co σ(A; a) through
straight line L and σ(A; a) =

∪
α

σ(Aα; aα).

Dλ is separated strictly from σ(Aα; aα), for all α, through
straight line L. Since for all α we have σ(Aα; aα) is a

compact set, hence there exists Dα ⊇ σ(Aα; aα), which
is strictly separate from Dλ through line L.
We have from [2] that for all α, there exists a norm ∥ · ∥′α
equivalent with ∥ · ∥α on Aα such that:

σ(A; aα) ⊆ V (A, ∥ · ∥′α; aα) ⊆ Dα.

We define seminorm p′α on A through p′α = ∥xα∥′α.
Since V (A, ∥ · ∥′α; aα) = V (A, ∥ · ∥′α; aα), it is clear that
the family {p′α} ∈ P (A) and

V (A, {p′α}; a) =
∪
α

{V (A, ∥ · ∥′α; aα)}.

Hence Dλ it is strictly sep-
arated by

∩
α

{V (A, {pα}; a)|{pα} ∈ P (A)}, and therefore∩
α

{V (A, {pα}; a)|{pα} ∈ P (A)} ⊆ co σ(A; a).
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ABSTRACT

In a Banach algebra the spectrum of an element does not depend on the norm, but
only on the algebraic structure. The numerical range of an element in a normed
algebra is a subset of the scalar field which together reflect the normed and algebraic
structure. When the algebra is complete, the numerical range of an element contains
the spectrum of this element. In a unitary normed algebra the numerical radius is
a norm which is equivalent with the given norm. We characterize the set of elements
with bounded numerical range and contact between bounding spectrum and bounding
numerical range of locally m-convex algebras.

Keywords: Banach algebra, numerical range, numerical radius, spectrum of element,
locally m-convex algebras

1 Introduction

Has been exptended the notions of normed algebras to
locally m-convex algebras. It is know that the approximate
relations between the numerical range and the spectrum of
an element are maintained in the generalization.

For a normed complex unitary algebra (A, ∥·∥) we define
the set: D(A, ∥ · ∥; 1) = {f ∈ A′|f(1) = 1 and ∥f∥ = 1}.
For any a ∈ A we define numerical range of a the set

V (A, ∥ · ∥; a) = {f(a)|f ∈ D(A, ∥ · ∥; 1)},

and numerical radius the set:

v(A, ∥ · ∥; a) = sup{|λ| | λ ∈ V (A, ∥ · ∥; 1)}.

The set D(A, ∥ · ∥; 1) is a convex subset, weak compact
of A′ and numerical range V (A, ∥ · ∥; a) is also a compact
subset of C, [2].

The properties and applications of numerical ranges on
a normed algebra have been largely studied and the main
results have been presented by F.F. Bonsall and J.Duncan
[2]. The m-convex locally algebras have been thoroughly
examined by E.A. Michael in [5].

Has been extended the concept of numerical range from
normed unitary complex algebras to locally m-convex al-
gebras. For this it is sufficient to observe that for a given
m-convex locally algebra A, with unital 1 there exists an in-
creasingly family of submultiplicatively seminormes {pα}
on A which generates the topology such that pα(1) = 1 for
all α. Given this algebra we denote with P (A) the class
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 of all these family of seminormes on A and with (A, {pα})
the algebra A with the family {pα} fixed by seminormes
{pα} ∈ P (A).

Given (A, {pα}) for each α we denote with Nα the
null subspace of pα, through Aα factor subspace A|Nα

and with ∥ · ∥α we denote the norm on Aα, defined by
∥x + Nα∥α = pα(x). For each α, we consider the lin-
ear canonical map x 7→ xα ≡ x + Nα from A to Aα. We
denote by 1α the unital element in Aα and it results that
∥1α∥α = 1 for all α. Michael has obtained the significant
result that A is isomorph with a subalgebra of the product
of normed algebras (Aα, ∥ · ∥α).

Using this characterization of locally m-convex algebras
was generalized many of the theories of numerical range
for the normed algebras to a theory of locally m-convex
algebras.

Given (A, {pα}), we define the set: Dα(A, pα; 1) ≡
{f ∈ A′|f(1) = 1 and ∥f(x)∥ ≤ pα(x), for all x ∈ A},
and write

D(A, pα; 1) =
∪
α

{Dα(A, pα; 1)}.

For all a ∈ A we write

Vα(A, pα; a) ≡ {f(a)|f ∈ Dα(A, pα; 1)}

and define numerical range as the set

V (A, {pα}; a) ≡
∪
α

{Vα(A, pα; a)}.

To each linear functional f on (A, pα) which becomes null
on Nα we can associate the linear functional F on Aα

through F (xα) = f(x) and to each F pe Aα we can as-
sociate the linear functional f on (A, pα) trough f(x) =
F (xα).

Hence it follows from the definition of the norm on Aα

that Dα(A, pα; 1) is isomorphic with D(Aα, ∥ · ∥α; 1α) and
for a ∈ A we have:

Vα(A, pα, a) = V (Aα, ∥ · ∥α; aα).

Hence it results that numerical range of a is characterized
by numerical ranges of aα in normed algebras such as:

V (A, {pα}; a) =
∪
α

{V (Aα, ∥ · ∥α; aα)}.

Both D(A, {pα}; 1) and V (A, {pα}; a) depend on the cho-
sen fixed family of seminorms associated to algebra A. It
is obviously that when {pα} is an increasingly family of
seminorms, D(A, {pα}; 1) is a convex subset of A′ and nu-
merical range V (A, {pα}; a) is a convex subset of C.

For any a ∈ A we write:

vα(A, pα; a) ≡ sup{|λ| | λ ∈ Vα(A, pα; a)}

and we define numerical radius of a as:

v(A, {pα}; a) ≡ sup{|λ| |λ ∈ V (A, pα; a)}.

We have:
vα(A, pα; a) ≤ pα(a)

for all α and putting v(A, {pα}; a) = ∞, we have that:

v(A, {pα}; a) = sup
α

vα(A, pα; a) = sup
α

vα(A, ∥ · ∥α; a).

It is obvious that numerical range and numerical radius
have the following properties for a ∈ A and λ, µ complex:

V (A, {pα};λa+ µ · 1) = λV (A, {pα}; a) + µ

and

v(A, {pα};λa+ µ · 1) ≤ |λ|v(A, {pα}α; a) + |µ|.

and for a, b ∈ A we have:

V (A, {pα}; a+ b) ⊆ V (A, {pα}; a) + V (A, {pα}; b)

and

v(A, {pα}; a+ b) ≤ v(A, {pα}; a) + v(A, {pα}; b).

We know that given the unitary algebra A, for any a ∈ A,
spectrum of a is defined as:

σ(A; a) ≡ {λ|a− λ · 1is non-invertible}.

2 The elements with bounded numerical
range

Lemma 1. Let be A a locally m-convex, unitary, complete
algebra. Given (A, {pα}) with x ∈ A, the following asser-
tion hold:

1

e
sup
α

pα(x) ≤ v(A, {pα};x) ≤ sup
α

pα(x).

Proof. We suppose that v(A, {pα};x) ̸= 0. Let y =
∀ xkv(x), k > 1. We have v(y) = ∀ 1k < 1. It fol-
lows from Lemma 2.1 [9] that D1(0) ⊂ Gy and

pα((1− λx)−1) ≤ ∀ 11− v(A, {pα};x),

for all α, for all λ ∈ D1(0).
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 From Corollary 1, [9] we have that for n = 1

pα(y) ≤ ∀ 1k + 1 · ∀ 1ρ sup
ξ∈∂Dρ(0)

pα((1− ξx)−1)k+1.

Hence

pα(y) ≤ ∀ 1k + 1 ∀ 1ρ ( ∀ 11− ∀ 1k)
k+1

,

for all α, for all ρ with 0 < ρ < 1.
Putting y = ∀ xkv(x), we obtain

pα(x) ≤ ∀ kk + 1 ∀ 1ρ ( ∀ 11− ∀ 1k)
k+1

v(x).

Putting k → ∞ and ρ ↗ 1, we obtain:

∀ 1e sup
α

pα(x) ≤ v(x),∀α, for all x such that v(x) ̸= 0.

(1)
If v(x) = 0 it follows that v(x) < 1. From Corollary 1, [9]
it follows that

pα(x) ≤ ∀ 1m+ 1 ∀ 1ρ sup
ξ∈∂Dρ(0)

(pα(1− ξx)−1))m+1,

for all ρ with 0 < ρ < 1.
We have from Lemma 2.1, [9] that:

pα((1− λx)−1) ≤ 1,∀α,∀λ ∈ D1(0).

Hence pα ≤ ∀ 1m+ 1 ∀ 1ρ, for all α. Putting m → ∞,
we obtain:

pα(x) = 0, for all α. (2)

From (1) and (2) it follows that ∀ 1esupα(x) ≤ v(x), for
all x ∈ A. We have that:

∀ 1e sup
α

pα(x) ≤ v(A, {pα};x) ≤ sup
α

pα(x),

for all x ∈ A

Lemma 2. Let be A a unitary locally m-convex algebra.
Given (A, {pα}), we have for all a ∈ A:

supRe V (A, {pα}; a) = inf
λ>0

1

λ
{sup

α
pα(1 + λa)− 1} =

= lim
λ↘0

1

λ
{sup

α
pα(1 + λa)− 1}

Proof. For all f ∈ D(A, {pα}; 1) and λ > 0, we have:

|f(1 + λa)| ≤ pα(1 + λa) ≤ 1 + λpα(a),∀α.

It follows that:

Re f(1+λa) ≤ |Re f(1+λa)| ≤ |f(1+λa)| ≤ pα(1+λa),∀α.

1 + λRe f(a) ≤ pα(1 + λa),

It follows that Re f(a) ≤ 1
λ{sup

α
pα(1+λa)−1} (1). The

result is achieved when V (A, {pα}; a) is unbounded. We
consider the case when V (A, {pα}; a) is bounded and we
write:

τα ≡ supRe V (Aα, ∥ · ∥α; aα),

for all α and τ ≡ supRe V (A, pα; a), for all α.
From Theorem 1.3, [9], for all α, we have:

1

λ
{∥τα + λaα∥α − 1} ≤ (1− λτα)

−1{τα + λ∥a2α∥α},

when 0 < λ < ∥aα∥−1
α .

If V (A, pα; a) is bounded we have from Corollary 2, [9],
that: ∃M > 0 such that M ≥ sup

α
pα(a). Then for all α:

1

λ
{pα(1 + λa)− 1} ≤ (1− λτ)−1{τ + λM2},

when 0 < τ < 1
M . Therefore: lim

λ→0

1

λ
{sup

α
pα(1 + λa) −

1} ≤ τ (2). It follows from inequalities (1) and (2):

supRe V (A, {pα}; a) = lim
λ↘0

1

λ
{sup

α
pα(1 + λa)− 1}.

Let be A a locally m-convex algebra. Given (A, {Pα})
we can define subalgebra:

B ≡ {x ∈ A| sup
α

pα(x) < ∞}.

Now p(x) ≡ supα pα(x) is a norm for B, when {pα} is
a separate family, 1 ∈ B and p(1) = 1.
Form Theorem 2.3, [9] it follows that if A is a locally m-
convex, unitary, complete algebra, giving (A, {pα}), the
normate subalgebra (B, p) is complete.

Studying sequences {xn},
where xn = {1, 2, ..., n, ..., n, ...}, in algebra A from ex-
ample 2 bellow we observe there exists a locally m-convex,
unitary, incomplete algebra A, with {pα} ∈ P (A), such
that (B, p) is complete.
Given (A, {pα}, we can characterize the elements with
bounded numerical range as the element of (B, p).

Theorem 1. If A is a locally m-convex, unitary algebra
given

(A, {pα})andB = {x ∈ A|V (A, {pα};x)

is bounded if {pα} is an increasingly family, for each a ∈
B, we have:

V (A, {pα}; a) = V (B, p; a).
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 Proof. If for a ∈ A V (A, {pα}; a) is bounded, then it fol-
lows that from corollary 2, [9] that a ∈ B.
If a ∈ B then sup

α
pα(1+λa) = p(1+λa), for all λ, hence

supRe V (A, {pα}; a) = inf
λ>0

1

λ
{p(1 + λa)− 1}

= lim
λ↘0

1

λ
{p(1 + λa)− 1}

= supRe V (B, p; a).

Hence, from relations:

V (B, p;λa) = λV (B, p; a)and

V (A, {pα};λa) = λV (A, {pα}; a),

for all λ ∈ C with |λ| = 1, we deduce that each a ∈ B
has bounded numerical range V (A, {pα}; a). If {pα} is a
increasingly family, then both numerical ranges are convex
sets. Hence it follows from Krein-Milman theorem that for
all a ∈ B we have that:

V (A, {pα}; a) = V (B, p; a).

The follows results connect bounding of spectrum from
bounding of numerical range.

Theorem 2. Let be A a locally m-convex, unitary, complete
algebra.

For all a ∈ A, σ(A; a) is bounded if and only if there ex-
ists a family (A, {pα}) such that V (A, {pα}; a) is bounded.

Proof. If for a ∈ A there exist a family (A, {pα}) such that
V (A, {pα}; a) is bounded, then form Theorem 2.3, [9] it
follows that σ(A; a) is bounded.

Conversely, we consider a ∈ A with σ(A; a) bounded.
There exists a sphere D in complex plane such that
σ(A; a) ⊆ D. We know that σ(A; a) =

∪
α

σ(Aα; aα).

From [T 1.5, 9] it follows that, for all α, there exists ∥ · ∥′α
equivalent with ∥ · ∥α on Aα, such that:

σ(Aα; aα) ⊆ V (Aα, ∥ · ∥′α; aα) ⊆ D.

For each α we define the seminorm p′α on A given by
p′α(x) = ∥xα∥′α. Hence family {p′α} ∈ P (A) and:

σ(A; a) ⊆ V (A, {p′α}; a) =
∪
α

V (Aα, ∥ · ∥′α; aα) ⊆ D.

The following exercises showed that there exists a lo-
cally m-convex, unitary, complete algebra A, where σ(A; a)

is bounded, for a ∈ A, but there exists (A, {pα}) such that
V (A, {pα}; a) is unbounded.

Example. Let be A algebra of sequences of complex num-
bers x ≡ {λ1, λ2, ..., λn, ...}, with adding and multiplying
with scalars, with convolutions product and unital element
1 ≡ {1, 0, ..., 0, ...}.

Let be a sequence of the submultiplicatively seminorms
{pn} on A defined by

pn(x) =
n∑

k=1

|λk|.

Then pn(1) = 1, for all n ∈ N and {pn} is a separate
family of seminorms.
We consider a ∈ A, such that λn → 0 when n → ∞.
Then pn(a) → ∞ when n → ∞, hence V (A, {pn}; a) is
unbounded. But σ(A; a) = {λ1}, which is bounded.

Theorem 3. If A is a locally m-convex, unitary, complete
algebra, for which there exists a family (A, {pα}), such that
V (A, {pα}; a) is bounded for all a ∈ A, then σ(A; a) is
compact for all a ∈ A.

Proof. Let be B = A, hence σ(A; a) = σ(B; a), for all a ∈
A. Since A is complete it follows that (B, p) is complete
and therefore σ(B; a) is compact set for all a ∈ A.

There exists local m-convex algebras non-normables
in which for certained family (A, {pα}), we have that
V (A, {pα}; a) is bounded for all a ∈ A.

Example. Let be A algebra l∞ of all bounded sequences
of complex number, x ≡ {λ1, λ2, ..., λn, ...}, with unital
1 ≡ {1, 0, ..., 0, ...}.
A sequence of submultiplicatively seminorms {pn} is de-
fined on A through pn(x) = |λn|. Then pn(1) = 1, for all
n ∈ N and {pn} is a separate family of seminorms.
We define p as: p(x) ≡ supn{pn(x)}.
Then p is ussualy norm of l∞ on A.
Hence B = A and from Theorem 2.6, [9] it follows that
V (A, {pn}; a) is bounded for all a ∈ A. It is clearly that
(A, {pn} is non-normables.
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ABSTRACT 

The machinability is the technological property of a certain material to be machined in 

the most convenient conditions for the producer, namely with a high speed machining, 

with a minimum tool etc. To evaluate the machinability of an electroconductive material 

by electrical discharge machining, one can use the material removal rate, the wear of the 

electrode tool, the roughness of the machined surface etc. Within the Technical University 

“Gheorghe Asachi” of Iasi, two modalities to evaluate the machinability by electrical 

discharge machining were used. The first of these methods was based on the size of the 

gap generated by a single electrical discharge removed from the test pieces made of some 

such materials. The second method used to evaluate the machinability by electrical 

discharge machining involved the machining of a hole, in certain work conditions, on a 

proper electrical discharge machine. The comparison of the results obtained by the above 

mentioned two methods was finally possible. 

Keywords: electroconductive materials, machinability, EDE 

 
1. Introduction 

The machinability is the technological property of 

the materials to be machined by different techniques 

in the most convenient conditions for the producer: 

with high machining speed, but with reduced tool 

wear, with diminished machining forces and a 

minimum energy consumption, with the obtaining of 

a reduced surface roughness and convenient chips 

shape etc. Just the machinability definition shows that 

there are different points of view in machinability 

evaluation; this property could be estimated by taking 

into consideration the tool wear, the forces generated 

during the machining process, the surface roughness 

etc. It is therefore very important that in each 

machinability evaluation to specify also the criterion 

used for evaluation. 

The electrical discharge machining is based on the 

material removal as result of a chain of electrical 

discharges between the closest asperities existing on 

the active surfaces of the electrode tool and the work 

piece electrode, within a work fluid. 

The first researches concerning the electrical 

discharge machining were made about 70 years ago; 

as consequence, the problem of the machinability by 

electrical discharge machining was approached in the 

last decades. 

Gavrilas et al. showed [1] that the material 

removal rate is considered to evaluate the 

machinability by electrical discharge machining and 

the index of the relative machinability equal to 1 is 

attributed to the steel, the values valid in the cases of 

other materials being: 4 for the aluminum, 1.6 for 

brass, and 0.5 for sintered carbide.  

In an important work devoted to the machine 

manufacturing, Groover [2] shows that the volumetric 

removal rate Q at the electrical discharge machining 

could be given by the relation: 
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   (1)
 

 

where K is a constant of proportionality (K=39,86), I 

is the current  intensity and m is the melting  

temperature of the test piece material. 

A well-known criterion used to evaluate the 

machinability by electrical discharge machining is the 

so called Palatnik’s criterion [3]; the mathematical 

relation valid in this case is the following: 

 

   (2) 

 

where c is the specific heat of the test piece material, 

  – the density of the test piece material,   – the 

coefficient of thermal conductivity, m  – the melting 

temperature. 

 

2. Evaluation of the electroconductive 

materials by electrical discharge machining 

If the machinability by electrical discharge 

machining is analyzed, it is possible that some of the 

general criteria for the machinability evaluation not to 

be applied; for example, because the electrical 

discharge machining does not generate mechanical 

solicitation or these solicitations are not significant, 

the criterion of machining forces cannot be 

adequately used in the machinability evaluation by 

the using of this criterion. 

There are different modalities used for the 

classification of the machinability tests. Thus, if the 

machining process is present during the evaluation 

test, the methods are named direct methods, while 

when other phenomenon or materials characteristics 

are used, the evaluation methods are considered as 

indirect evaluation methods. 

Other modality to classify the methods used for 

the machinability evaluation takes into consideration 

the duration of the tests: thus, there are long duration 

tests, made in proper machining conditions and short 

duration tests, when usually some solutions to 

intensify the machining process are applied and the 

results could be obtained in a shorter time. 

At the “Gheorghe Asachi” Technical University 

of Iasi, initially short duration tests for the 

machinability evaluation were studied [4, 5]. Because 

the material removal rate is an important 

technological aspect for the electrical discharge 

machining, the first researches were directed to the 

identifying a short duration test able to offer an image 

about the possibility of the electrical discharge 

machining to remove a certain quantity of work piece 

material in an established time interval. 

 

3. Device for the short duration evaluation of 

the electroconductive materials machinability by 

electrical discharge machining 

To find a short duration test for the machinability 

evaluation of the electroconductive materials, the 

quantity of the material removed by a single electrical 

discharge was taken into consideration. 

It is known that the electrical discharge is 

generated between the closest asperities existing on 

the surfaces of two components on which a potential 

difference is applied. If the electrical discharge 

energy is high enough, the main consequence of the 

electrical discharge is the generation of a gap in the 

zone where the ends of the column corresponding to 

the electrical discharge reaches the material 

components. Generally, it is difficult to measure the 

dimensions of the gap, due to the non-regular shape 

of the cavity (gap) and of its borders. 

For this reason, a modality to generate an open 

gap was searched; finally, the solution to generate the 

electrical discharge between two rectilinear sharpened 

edges was adopted; if these sharpened edges are 

placed in two planes, P1 and P2, perpendicular each 

to other (Fig. 1), there is a high probability that the 

electrical discharge develops in the zone where the 

distances between the two edges is minimum and this 

means that there is a precise enough localization of 

the electrical discharge. One of these electrode is the 

tool electrode ET and the other one – the work piece 

electrode WE. 

 

 
Fig. 1 – Formation of the electrical discharges in the 

zone where the distance between the electrodes is 

minimum 
 

The two electrodes are connected in the relaxation 

electric circuit belonging to a single pulse generator; 

the generator include a control block which ensures a 

single charge of the capacitors included in the 

relaxation circuit, so that a single electrical discharge 

is possible. 

The energy W stored by the capacitors having the 

electric capacity C is given by the known relation: 

 

   (3) 

 

Because usually not all the energy stored in the 

capacitors is delivered during the electrical discharge 

(a part of the energy remains in the capacitors), a 

more correct relation for the energy Wd delivered 

during the electrical discharge can be the following: 
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   (4)
 

 

where Ui is the initial voltage applied to the 

capacitors and Uf is the voltage existing on the 

capacitors after the electrical discharge. 

The electrical discharge is materialized by the 

formation of a plasma column between the electrode 

tool and the test piece; within the plasma column, the 

electrical charged particles moves to the two 

electrodes. The energy Wd determines the circulation 

of the electrons to the test piece (connected to the 

positive pole of the direct current supply) and of the 

ions to the electrode tool (connected to the negative 

pole of the same direct current supply). 

 

 
Fig. 2 – Mechanical device for the decrease of the 

distance between the electrodes 
 

An adequate mechanical device was designed to 

clamp the two electrodes (Fig. 2). In principle, the 

electrode tool could be slowly moved to the electrode 

work piece by means of a micrometric screw; when 

the gap size s is less than the ratio between the 

voltage U applied to the electrodes and the dielectric 

rigidity E of the gas existing in the gap, the electric 

discharge is initiated: 

 

    (5) 

 

At the contact of the plasma column 

corresponding to the electrical discharge with the 

materials of the two electrodes, a quantity of heat 

develops, as consequence of the transforming of the 

kinetic energy of the moving particles (ions and 

electrons) into thermal energy. 

The strong heating of the work piece material 

determines the melting and even the vaporizing of a 

small quantity of material; if the vaporizing is very 

fast, it has an explosive character and contribute to 

the throwing of the melted material out of the zone of 

melting. 

The removal of the material is materialized on the 

work piece by the formation of a cavity having the 

width B and the deepness H (Fig. 3, c); a part of the 

melted material solidifies in the gap and round the 

gap. These dimensions (B and H) can be relatively 

easily measured by means of a microscope. 

Of course, not all of the energy which determined 

the circulation of the electrical charged particles is 

transformed in heat:  

 

  (6) 

 

where C1 is a coefficient offering an image about that 

part of the energy delivered during the electrical 

discharge which is transformed in thermal energy. 

There is the possibility to use different capacities 

(1000…10200 mF) of the capacitors included in the 

electric circuit; the voltage applied to the electrodes 

can take values from 40 to 80 V. The sizes of the 

capacities and voltages were selected so that they 

correspond to the same operational parameters 

applied in the industrial practice, during the electrical 

discharge machining. 

 

4. Experimental research 

The above mentioned device was used to 

experimental study of the machinability by electrical 

discharge machining; it was expected that the volume 

of the gap appeared on the test piece materials 

depends on some physical characteristics of these 

materials (melting and vaporizing points, material 

density, latent heat etc.). 

The experiments were made on test pieces made 

of five materials: 

1) Steel containing 0,15% carbon; 

2) High speed steel (containing 0.8 % carbon, 17 

% tungsten, 5.1 % cobalt, 4.1 % chromium and 1.2 % 

Fig. 3 – Phenomena able to generate the gap on the sharpened edges of the test piece: a – circulation of the 

charged particles in the plasma column; b – microexplosion; c – dimensions of the gap 
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vanadium); 

3) Brass; 

4) Sintered carbide type ISO P35 (containing 78 

% WC, 10 % TiC, 12 % Co). 

The experiments were designed in accordance 

with the rules valid in the case of a complete factorial 

experiment with two variables (voltage U and 

capacity C) at two levels. The proper values for the 

input parameters (independent variables) were 

Umin=40V, Umax=80V, Cmin=1000mF, Cmax=10200mF. 

The experimental results were processed by the 

using of specialized software [6] based on the method 

of the smallest squares. 

Appreciating that the sizes which characterize the 

dimensions of the gaps generated by the electrical 

discharges have a monotonous variation at the 

modification of the input parameters values, the type 

power functions were preferred to model the variation 

of the output parameters. 

The power type functions allow an operative 

evaluation of the direction and of the intensity by 

which each input factor (the voltage U and the 

capacity C) is able to affect the output factors (the 

width B and the deepness F of the gap). 

In this manner, the following empirical models 

were established: 

 for the test piece made of steel containing 0.15% 

carbon: 

  

  (7) 

 

  (8) 

 

 for the test piece made of high-speed steel:  

 

  (9) 

 

  (10) 

 

 for the test piece made of brass:  

 

  (11) 

 

  (12) 

 

 for the test piece made of sintered carbide type 

ISO - P35: 

 

  (13) 

 

  (14) 

 

On the basis of the empirical models constituted 

by the relations (7)-(17), the graphical representations 

included in the figures 4 and 5 were elaborated. 

 

 
Fig. 4 – Influence of the voltage U and of the capacity C 

on the width B of the gap generated by a single electrical 

discharge 
 

Both the empirical models and the information 

offered by the graphical representations from the 

figures 4 and 5 allow to formulate some remarks. 

Thus, one may notice that the coefficients and the 

exponents established for the two steels considered 

have close value; this means that the machinability of 

the considered materials by electrical discharge 

machining, appreciated by means of the above 

described device, are similar. 

 

 
Fig. 5 – Influence of the voltage U and capacity C on the 

deepness H of the gap generated by a single electrical 

discharge 
 

Generally, the dimensions of the gap generated by 

a single electrical discharge increases when the 

voltage applied to the electrodes and the capacity of 

the capacitors included in the relaxation circuit 

increase, too. 

The increase is not very intense, this fact being 

highlighted by the sub unitary values specific to the 

exponents attached to the independent variables U 

and C. 

For all the cases, the exponents attached to the 

voltage U are higher than the exponents attached to 

the capacity C and this means that the voltage U 

exerts a stronger influence on the dimensions of the 

gap generated by a single electrical discharge. The 

fact is in a certain correlation with the sizes of the 

same exponents included in the theoretical relation 

(6). 
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The most reduced machinability by electrical 

discharge machining is specific to the sintered carbide 

type ISO P35, for which the width and the deepness 

of the gap generated by the electrical discharges are 

the smallest. 

A possible explanation of this reduced 

machinability can be based on the high melting and 

vaporizing temperature of the components included in 

the composite material. 

A high machinability by electrical discharges 

corresponds to the aluminum and the fact could be 

explained by the smallest melting and vaporizing 

temperature specific to this material. 

The machinability of the brass can be considered 

as similar to that specific to the steels. 

 

5. Machinability evaluation by tests made in 

proper conditions of electrical discharge 

machining 

To establish the validity of the results obtained by 

the short duration test made by means of the proposed 

device, some experiments in real conditions of 

electrical discharge machining were made. 

The experimental test included the machining of a 

hole in a certain time, in test pieces made of each of 

the materials used also for the short duration tests. 

Electrodes tools having a diameter of 4 mm were 

used. The work parameters for the experiments (pulse 

duration of 40 �s, of time of 30 �s, maximum peak 

current of 7.5 A, experiment made on the electrical 

discharge machine Sodick A3DL) were established 

by taking into consideration the recommended 

operation conditions for the carbon steel. 

The electrical discharge drilling developed by the 

immersion of the electrodes in an ecological dielectric 

fluid. 

As indicator of the machinability by electrical 

discharge machining from the point of view of the 

material removal rate, the deepness of the hole 

performed in identical conditions was selected. 

The experimental results obtained in this case are 

presented in the table 2. 

 
Table 1 - Deepness of the hole performed in test pieces 

made in the same experimental conditions 

 
 

6. Comparison of the results obtained by the 

two different tests of machinability evaluation 

As above mentioned, the evaluation of the 

machinability can be made from different points of 

view and this fact generated a diversity of methods 

applied to evaluate the materials machinability. In the 

case of the machinability by electrical discharge 

machining, if the criterion of material removal rate is 

selected to appreciate the machinability, short or long 

duration tests could be applied. 

To evaluate the machinability by the short 

duration test, the graphical representation from Fig. 4 

and Fig. 5 show that as indexes able to offer a clear 

image about the machinability by electrical discharge 

machining, both the width B and the deepness H of 

the gap can be applied. One considered that as sizes 

for the input parameters to evaluate the machinability, 

the values U=70 V and C=5000 mF can be taken into 

consideration. 

In such a situation, the absolute sizes of the 

machinability indexes are the following: 

a) If the width of the gap is considered, 

BCarbonsteel=1.96 mm, BHigh speed steel=1.923 mm, 

BBrass=1.89 mm, BSintered carbide=1.25 mm; 

b) If the deepness of the gap is considered as 

machinability index, HCarbon steel = 1.10 mm, HHigh speed 

steel = 0.96 mm, HBrass = 1.02 mm, HSintered carbide=0.36 

mm; 

c) If the deepness hole performed in the test 

pieces is taken into consideration as machinability 

index, hCarbon steel=7.72 mm, hHigh speed steel=7.15 mm, 

hBrass=8.88 mm, hSintered carbide=1.44 mm. 

Sometimes, indexes of relative machinability 

indexes can be used. Such an index can be defined as 

a ratio between the absolute values of the 

machinability index of the studied material and the 

absolute value of the machinability index valid in the 

case of a material considered as etalon: 

 

  (15) 

 

As machinability index, the values of the absolute 

indexes valid in the case of the steel containing 0.15 

% carbon can be taken into consideration. 

In this case, the sizes of the relative machinability 

could be: 

a) For the width of the gap: Ir=0.98 for high speed 

steel, Ir=0,96 for brass, Ir=0,63 for sintered carbide 

type ISO P35; 

b) For the deepness of the gap: Ir=0,87 for high 

seed steel, Ir=0,92 for brass, Ir=0,32 for sintered 

carbide; 

c) For the deepness of the hole performed in 

proper conditions of electrical discharge machining: 

Ir=0,92 for high speed steel, Ir=1,15 for brass, Ir=0,18 

for sintered carbide. 

 

7. Conclusions 

The machinability of materials is a property of 

technological interest; by knowing the machinability 

indexes of a certain material, the operating 

parameters could be established in better conditions. 
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The machinability by electrical discharge machining 

may be determined both by short and long duration 

tests. To evaluate the machinability by electrical 

discharge machining in a short time, a device able to 

generate a single electrical discharge was designed 

and built. The experimental researches allowed the 

determination of the machinability by electrical 

discharge machining by means of the dimensions of 

the gap generated by a single electrical discharge 

generated between the edges of the electrode tool and 

the test pieces; the both components have a 

parallelepiped shape and a mechanical device 

facilitates the decrease of the distance between them 

until the electrical discharge is initiated and 

developed. The experimental researches were 

performed on test pieces made of four different 

materials: a carbon steel containing 0.15 % carbon, a 

high speed steel, brass and sintered carbide type ISO 

P25. To verify the validity of the machinability 

evaluation by means of a short duration test, 

experiments in proper conditions of electrical 

discharge machining were performed; the deepness of 

the holesperformed in test pieces made of the same 

four different materials and in the same testing 

conditions was measured. The experimental results 

confirmed the validity in principle of the results 

obtained by the using of the short duration test. 
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ABSTRACT 

(Ti,Al,Si)N coatings were deposited on HSS or silicon substrates by DC reactive UM 

magnetron sputtering.  The target was Ti-Al-Si (50 at.% Al, 25 at.% Ti, 25 at.% Si). There 

were deposited several coatings by varying the nitrogen flow rate. The microhardness of 

(Ti,Al,Si)N coatings was measured using a CV-400 AAT hardness tester and was found in 

4...24 GPa range. XTEM investigation showed the columnar microstructure for coatings 

deposited in the absence of reactive gas and the nanocristallyne microstructure for 

(Ti,Al,Si)N coatings. 

Keywords: PVD coatings, magnetron sputtering, (Ti,Al,Si)N coatings, microhardness

1. Introduction 

Veprek, in his well known review paper 

“Different approaches to superhard coatings and 

nanocomposites” [1] showed that there are two 

mechanisms that leads to the increase of hardness in 

hard and superhard coatings. 

One is hardness enhancement by energetic ion 

bombardment. This phenomenon is due to a complex, 

synergistic effect involving a decrease of crystallite 

size, densification of the grain boundaries, formation 

of Frenkel pairs and other point defects, and built-in 

biaxial compressive stress.  

The second is the mechanism of hardness 

enhancement by the formation of a stable 

nanocomposite structure due to self-organization 

upon spinodal phase segregation. This concept is 

based on a strong, thermodynamically driven, and 

diffusion rate-controlled (spinodal) phase segregation 

that leads to the formation of a stable nanostructure 

by self-organization. In the case of superhard, 

thermally highly stable nanocomposites the 

dislocation activity is absent. These materials consist 

of a few-nanometer small crystallites of a hard 

transition metal nitride (or carbide, boride) “glued” 

together by about one-monolayer-thin layer of 

nonmetallic, covalent nitride such as Si3N4, BN (or in 

the case of carbides by excess carbon, CNx, and 

others). Depending on the crystallite size in the given 

material, the effects mentioned above may hinder the 

dislocation activity. These coatings, when correctly 

prepared, posses an unusual combination of 

mechanical properties, such as a high hardness of 40 

to 100 GPa, high elastic recovery of 80% to 94%, 

elastic strain limit of >10%, and high tensile strength 

of 10 to 40 GPa that is approaching the ideal 

strength off low-free materials. Moreover, the 

nanostructure and the concomitant superhardness 

(measured at room temperature after each annealing 

step) remain stable up to 1100 ˚C. Highest hardness 

enhancement upon energetic ion bombardment is 

obtained in refractory hard ceramic coatings 

deposited at a relatively low temperature of about 

300 ˚C. At a higher temperature, the hardness 

enhancement decreases and completely vanishes 

above 600–700 ˚C, whereas that of the superhard 

nanocomposites remains unchanged upon annealing 

up to 1100 ˚C. 

In nc-TiN/a-Si3N4 and analogous systems, such as 

nc-W2N/a-Si3N4, nc-VN/a-Si3N4, nc-TiN/a-BN, and 

others, spinodal phase segregation is 

thermodynamically driven by a high activity (partial 

pressure) of nitrogen, and rate-controlled by diffusion 
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that requires a sufficiently high temperature. A 

sufficiently high activity of nitrogen (partial pressure 

of >10
-5

 bar) is needed in order to provide the 

necessary thermodynamic driving force for spinodal 

decomposition to occur during deposition that results 

in the formation of an nc-TiN/a-Si3N4 nanocomposite 

with a small and regular crystallite size. The hardness 

reaches a maximum of 50–60 GPa at a silicon content 

of about 8–10 at.% (Fig. 1) when the nanocrystals of 

the transition metal nitrides are covered with about 

one monolayer of silicon [1]. 

These hardnesses are achieved when the 

deposition conditions are properly chosen so as to 

provide a high thermodynamic driving force and 

sufficiently high deposition temperature, and the 

energy of ions reaching the surface of the growing 

film is low. 

 
Fig 1. Dependence of the crystallite size and hardness on 

the total silicon content in nc-TiN/a-Si3N4 for coatings 

deposited by plasma chemical vapor deposition (P CVD) 

upon low-energy ion bombardment [1] 

 

It is important to understand the detrimental role 

of impurities which, when incorporated into the 

coatings during the growth, make it impossible to 

achieve superhardness or even any hardness 

enhancement at all. The most dramatic degradation of 

the hardness is caused by oxygen as illustrated in Fig. 

2 where the maximum achievable hardness for the 

optimum Si3N4 content is showed vs. the oxygen 

impurity concentration [1]. 

Prochazka showed that the maximum achievable 

hardness in nc-TiN/a-Si3N4 nanocomposites deposited 

by reactive magnetron sputtering under a sufficiently 

high nitrogen pressure of 0.001 mbar (a higher 

pressure is desirable, but its use limits the deposition 

rate) and deposition temperature of 550–650 ˚C is 

controlled by the oxygen impurity concentration [2].  

Regarding the microstructure, coatings deposited 

by PVD at relatively low temperatures of 300–600 ˚C 

have a columnar morphology whose development is 

described by the Thornton structure zone diagram. 

When superhard nanocomposites with the optimum 

composition are formed, this columnar structure 

vanishes. The development of an isotropic and dense 

nanostructure upon the formation of stable superhard 

nanocomposites is an important result because the 

columnar morphology, even if within the dense T-

zone, still suffers in terms of mechanical properties 

due to weaker bonding between the columns. 

Therefore, the complete vanishing of the columnar 

morphology in the nanocomposites deposited by PVD 

is important to the excellent mechanical properties of 

these nanocomposites. Veprek, citing the work of 

Karvankova et al. [2], showed that although the 

morphology of the nanocomposites with the highest 

hardness deposited by magnetron sputtering appears 

isotropic, a more detailed investigation by TEM 

reveals that there is still a sign of a slightly columnar, 

quite dense morphology [1]. 

 

 
Fig 2. Dependence of the maximum achievable hardness 

on the oxygen impurity content for nc-TiN/a-Si3N4 

coatings [1] 

 

The effects of aluminium composition on the 

mechanical properties of reactivity sputtered TiAlN 

films were investigated by Ding [3]. Parlinska at al. 

investigated the microstructure and growth 

mechanism of arc plasma deposited TiAlSiN (35 at.% 

Ti, 42 at.% Al, 6.5 at.% Si) thin films, using 

conventional and high-resolution transmission 

electron microscopy [4, 5]. Surface morphology and 

mechanical properties of nanoscale TiAlN/SiNx 

multilayer coating deposited by reactive magnetron 

sputtering were studied by Sakurai at al. [6]. Dong at 

al. deposited by reactive magnetron sputtering a 

series of Ti–Al–Si–N nanocrystalline composite films 

with different Si contents in a mixture gas composed 

of Ar, N2 and SiH4. The results showed that by 

changing the SiH4 partial pressure in the mixture gas, 

Si content in the films can be easily controlled [7]. 

Musil reported on properties of Al–Si–N films with a 

low (≤10 at.%) and high (≥25 at.%) Si content 

reactively sputtered using a closed magnetic field 

dual magnetron system operated in ac pulse mode. 

Main attention was devoted to the investigation of a 

relationship between the structure of the films and 

their mechanical properties, thermal stability of 

hardness, and oxidation resistance [8]. The cutting 

performances of the tools coated with (Ti,Al,Si)N 

nanocomposite thin films were investigated by 

248 

 



 

 

 

several authors [9-11] 

The research presented in the present paper 

represents our first experimental steps in order to 

develop hard Ti-Al-Si-N coatings by reactive 

unbalanced magnetron sputtering. 

 

2. Experimental  

The experimental research was performed using a 

custom made DC reactive unbalanced magnetron 

sputtering system for co-deposition process of 

multiphase and multielemental compound. Although 

the system has the possibility to use three magnetron 

sources, for these experiments only one target was 

used: Ti-Al-Si (50 at.% Al, 25 at.% Ti, 25 at.% Si). 

Figure 3 presents the experimental setup. There were 

deposited several 5-6 µm thick (Ti,Al,Si )N coatings 

on HSS substrates using a sputtering power of 

magnetron of  500 W and the same bias voltage (Us= 

–75 V) and substrate temperature (ts= 400 ºC) for all 

samples. The flow for argon gas was 6 sccm. The 

flow for the nitrogen gas was 0…6 sccm. Total 

deposition time was aprox. 90 min. Prior to 

deposition a base pressure of 5,0·10
-4

 Pa was 

established. Table 1 presents the main deposition 

parameters for these samples. 

 
Fig 3. Schematic illustration of the experimental setup 

 

Also, there were deposited two thin coatings (1µm 

thick) on silicon substrates, in order to be investigated 

by TEM on the samples prepared using the technique 

of ion beam thinning. The sample TiS-01/b was 

deposited in the same condition like TiS-01. The 

sample TiS-08 is a tri-layer one (fig. 4).  

On the silicon substrate a TiAlSi seed layer of 200 

nm was grown, and then the nitrogen gas was 

introduced in the deposition chamber at a flow rate of 

1 sccm leading to the formation of a Ti-Al-Si-N layer. 

At the surface of the sample another Ti-Al-Si-N layer 

was deposited with a flow rate of nitrogen of 1,5 

sccm. Table 2 presents the deposition parameters for 

these thin coatings. 

Table 1. Deposition parameters for thick coatings 
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Fig 4. Schematic illustration of the thin tri-layer 

Ti-Al-Si-N coating (sample TiS-08) 

 

 
Table 2. Deposition parameters for thin coatings 
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Vickers micro hardness was measured using a 

CV-400 AAT micro hardness tester, with a load of 25 

gf and 10 s for holding time for thick coatings and a 

load of 10 gf and 10 s for holding time for thin 

coatings.  

It has been noticed by several researchers in the 

past that, in order to measure the hardness of hard 

coatings on softer substrate correctly, the maximum 

indentation depth must not exceed 10% of the 
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thickness of the coating because above this value, 

plastic deformation occurs in the softer substrate such 

as steel. Therefore, in order to avoid possible artifacts 

that may falsify the correct value of hardness, one has 

to use a relatively high load of 30–150 mN (3…15 

gf), with an indentation depth of 0,3 μm that, 

however, must not exceed about 5% of the thickness 

of the coatings. To meet these requirements, 6 μm 

thick coatings are needed [2]. 

 

3. Results and conclusions 

Table 3 presents the results of Vickers 

microhardness test applied on coatings. In figure 5 the 

values of microhardness are plotted vs. N2/Ar gases 

flow rates. It is to discuss here that the values of 

Vickers microhardness for thick coatings (5…6 μm 

thickness) are obtained in correct conditions having in 

mind the necessary load force and maximum 

indentation depth. In case of thin coatings (1 μm 

thickness) the values of of Vickers microhardness 

have to be take with some care, because of the fact 

that maximum indentation depth exceeded 10% off 

thickness of the coatings. In this case the measured 

values for TiS-01/b and TiS-08, (presented in Table 3 

but not plotted in Fig. 5) are influenced by the silicon 

substrate hardness. It is expected that true hardness of 

the coatings to have higher values that ones that are 

measured. 

 
Table 3. Results of Vickers microhardness test 

Sample Nitrogen 

gas flow 

qN2 [sccm] 

Vickers 

microhardness 

HV [kgf ⁄ mm
2
] 

TiS-01 - 413 

TiS-04 2 1230 

TiS-06 3 1998 

TiS-03 4 1957 

TiS-05 5 2378 

TiS- 02 4 2027 

TiS-01/b - 375 

TiS-08 -; 1; 1,5 1551 

 
The cross sectional microstructure of TiS-01/b 

coating is showed in Fig. 6. The coating is developed 

in the absence of reactive gas, so is a Ti-Al-Si 

metallic one. It consists on columnar crystalline 

grains. Because of the weak bonding between 

columns the mechanical properties of such coatings 

are poor, including hardness, as results also from our 

test (Table 3).  

The cross sectional microstructure of TiS-08, 

presented in Fig. 7, seems to be a nanocrystalline one. 

In the presence of nitrogen, the columnar 

microstructure vanishes, but there is still an 

appearance of a slightly columnar, dense 

morphology.  

 

 

 

 

 

 

 

 

 

 

 

 

 
Fig 5. Vickers microhardness as a function of 

N2/Ar gases flow rates 

 

 
Fig. 6. BF XTEM of TiAlSi coating showing its 

columnar microstructure (sample TiS-01/b) 

 

 
Fig. 7. BF XTEM of (Ti,Al,Si)N coating showing its 

nanocristallyne microstructure (TiS-08) 
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In conclusion the measured hardness for our 

coatings was found in the 4…24 GPa range. For 

superhard nanocomposite materials the hardness is 

40 GPa. In order to develop nc-(Ti,Al)N/ a-Si3N4 we 

have to fine tune the sputtering system, to be able to 

maintain proper process parameter during deposition 

and to control much better the amount of impurities, 

especially oxygen, because if the oxygen impurity 

content in the coatings is larger than about 0.2–0.3 

at.%, the hardness of 40 GPa cannot be reached. 
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ABSTRACT 

Many times, in practice, the preparation of the injection process for new parts is time 

consuming. Using injection simulation software, we can reduce the time interval required 

for settings, the loss of material etc., thus optimizing the entire procedure. The studied 

part was made within a company from Bihor County and the problem was that the part 

broke when the mould opened (as in figure below). 

Keywords: mold, injection, optimization, plate parts, Mold Flow 

 
1. Introduction 

The studied piece is part of an assembly and it has 

a blocking role. It is manufactured from the polymer 

Acrylite H12-003 from Cyro Industries, on a 

horizontal injection mould machine. 

In Fig. 1, the 3D view of the part can be observed. 

 

 
Fig. 1 – 3D view of the studied part 

 

The part hasn’t got such a complex shape, but 

when the mould is opened, the toothed part breaks, 

which creates a big problem. The part dimensions are: 

52.4 x 45.5 x 25 mm. The two lateral toothed sides of 

the piece are realized with the help of two mould 

cores. These two mould cores, acting by two fingers 

mounted in the fixed mould side, are opening when 

the mould is opening. After the mould core 

withdrawal, when the mould opens, one of the 

toothed parts breaks. 

Mold Flow was chosen in order to better 

understand the main aspects which appear during the 

injection process and during the cooling interval. We 

found that the problems that appear in the injection 

time have no connection with the mould construction 

or mould working. The mould was manufactured 

according to the project requirements and the 

stripping agents haven’t got a negative influence on 

the injection process and in the breaking of the 

toothed part). 

 

2. Some aspects regarding the plastic parts 

injection 

2.1. Injection principles 

The injection process is a cyclic phenomenon, 

every cycle being made up by various operations [1], 

[2]. 

1 - material nourishment; 

2 - heating and melting of the material in the 

machine cylinder; 

3 - closing the mould; 

4 - pouring the melted material under pressure in 

the machine cylinder; 

5 - solidifying and cooling of the material inside 

the mould; 

6 - opening the mould; 

7 - removing the finished part from the mould. For 

our study aspects 4 and 5 are important, mainly the 

5th aspect. 

2.2. Filling the mould with melted material 

According to the latest experiments in this area, 

one can agree that the filling of the mould is realized 

according to the diagram shown in Fig. 2. 

The plastic melted material enters in the mould 

cavity through aperture x and the flow, according to 

the diagram, has a parable shape front. The rims of 
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the melted material solidify when getting in touch 

with could mould walls, forming a side thermal 

insulator layer. The melted material under pressure is 

guided from now on by that solid layer, not by the 

mould walls. Between the inside and outside appear 

different deforming speeds, which determine a flow 

front, named Fountain effect, just like in Fig. 2. 

 

 
Fig. 2 – Filling of the mould cavity. x - input of the 

melted plastic; 1- solidified marginal layer; 2- velocity 

profile; 3- flow front 
 

The filling diagram of the mould depends on the 

filling time tu, on the adjustment value of the pressure 

filling pm and on the transit tide Q (Fig. 3) [1]. 

 

 
Fig. 3 – The filling diagram of the mould 

 

Q1, Q2, Q3 represent the transportation capacity 

and C represent mould working characteristics. 

2.3. Cooling and stripping 

Cooling the injected part from the maximum 

temperature of the plastic material to the room 

temperature requires a relatively long time. If we 

consider a point inside the part, its temperature 

changes according to figure 4 diagrams. 

The total time for an entire injection time is: 

 

  (1) 
where: 

tu represent the filling time;  

tr represent the cooling time;  

td represent de stripping time. 

The filling and cooling time, respectively tu and tr 

are the parameters which interest us for our study and 

mainly, the cooling time, tr. 

 

 
Fig. 4 – Determining the temperature of an inside point 

of the part: TD – stripping temperature; Tc – room 

temperature; tr – cooling time 
 

The cooling time is: 

 

 (2) 
where: 

tpul represent subsequent pressure time; 

tcm represent the delay time of worm  

connection;  

trm represent the worm rotation time;  

tR represent rest of the time (end of worm rotation, 

beginning of the mould opening). 

Each part has a minimum time for an injection 

cycle, its length being determined by the piece 

dimension, forming volume, requirements that part 

has to accomplish, technical requirements in which 

the part was manufactured etc. 

 

3. Analysis of the plate part using Mold Flow 

Mold Flow is probably the best known software in 

determining some aspects regarding the plastic 

injection (these determinations were made in 

partnership with Esuela Politecnica D’Alcoy, Spania) 

[4], [5]. 

 

 
Fig. 5 – Applying the mesh on the part surface 

 

Studying the flow of the melted material, the 

stress that appear in the injection process, flowing 

lines etc. helps us understand what happens inside the 

mould during the injection process. 
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In the beginning, a mesh on the part surface is 

created which has 7162 elements (Fig. 5). 

After the mesh was applied, we define the 

material from which the part will be made. That 

polymer has the following characteristics: 

- material structures: amorphous; 

- melt temperature: 249 ˚C; 

- maximum shear stress: 0.4 MPa; 

- melt density: 1.0613 g/cm3; 

- solid density: 1.1862 g/cm3; 

- elastic modulus: 2740 MPa; 

- Poissons ratio: 0.355. 

The place for injection is chosen just like in figure 

6 and after that we run an analysis. 

 

 
Fig. 6 – Choosing the injection place 

 

After the analysis was made, one can observe the 

results which reveal that on the lower side of the 

toothed part there are some stresses that could cause 

tear when the mould is opened (Fig. 7). 

 

 
Fig. 7 – Stress area of the part 

 

By studying the injection parameters, one can 

observe that the cooling times are quite reduced, 

which implies that the part hasn’t got enough time to 

realize its contractions during the cooling process. If 

we grew the cooling time, with the mould in closed 

state, the part could have its contractions, which 

presume an easy stripping and possibility to have a 

good molded part. 

The proposal was to set up a longer cooling time 

for the part (approximately 25 – 30 seconds instead of 

almost 10 seconds for the moment). Also, the opening 

of the mould has to be made in two steps: the first 

step implies a slow opening to reduce stress in the 

lateral sides of the part when the mould cores 

withdraw. The second step continues with normal 

speed. 

After the settings were made, the part was injected 

with the following result (Fig. 8): 

 

 
Fig. 8 – Final part 

 

4. Analysis of the plate part using Mold Flow 

Efficiency of the FEA software’s is already 

proven and the theoretical results that can be obtained 

are much closer to the practical result [3]. 

By using Mold Flow soft, some aspects from the 

injection time could be observed and also the 

problems which bring the part to be tear when 

opening the mould. 

Without losing precious time in manufacturing, 

the part was simulated and the settings of the 

injection mould machine were made before the final 

part was realized. 

In this way the setting time for the injection 

mould machine was reduced, the skills of the human 

operator were not decisive and the filling of the part 

was observed before the melted material was injected 

inside the mould. 
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ABSTRACT 
The use of gaseous fuels i.e. Compressed Natural Gas (CNG) and Liquefied Petroleum 
Gas (LPG) for automotive applications has been under taken in different parts of the 
world for varying reasons .CNG is considered to be a better alternative for transportation 
fuel due to its vast reserves and the economy in operation. Retrofitting a gasoline engine 
by CNG leads to a compromise on performances which is a major area of concern for all 
manufacturers. Hence developing a dedicated CNG engine technology stands inevitable.  
The present work is an attempt to develop a dedicated compressed natural gas engine 
technology whereby the performance oriented issues have been experimentally 
investigated upon by conducting an On-Road Test, subsequent modifications in the design 
have been worked upon on a 4 stroke, 100 cc, single cylinder gasoline engine to run on 
CNG. The present work is a carry forward of the previous investigations. The significance 
of ignition voltage as well as stroke to bore ratios is investigated in this paper. The On-
Road tests have yielded very good results and it has been found that the performances 
with CNG have actually improved compared to the base version of gasoline. The 
acceleration and the mileage issues have been duly investigated upon and it has been 
found that with the present set-up, CNG delivers better performances compared to 
gasoline in the same segment. 
 

Keywords: compressed natural gas, CNG, dedicated engines, on- road tests, performance, stroke to bore ratio, 
ignition voltage 

 
1. Introduction 

The economic growth in the industrialized countries 
during the last centuries has lead to an enormous 
increase in the use of fossil fuels. Due to the high 
growth potential and the associated environmental as 
well as economic impacts, it becomes more and more 
important to find ways of dealing with the rising 
energy consumption and pollution from road 
transport. One way is to change transport patterns, or 
to improve engine and exhaust gas after treatment 
technologies. Another way is to change to fuels that 
give improved combustion characteristics in the 
engines. Two of the main alternatives in this respect 
are Hydrogen and Natural gas. Natural gas is often 
considered as the most promising alternative fuel for 
the short term due to its environmental and 
economical benefits compared to other fossil fuels. 

Compressed Natural Gas ( CNG ) is available in 
plenty in over 95 countries world wide and many 
countries have started to promote CNG as an alternate 
fuel for both stationary and mobile applications. The 
Indian initiative towards a green fuel country was 
mooted in the year 2001 and since then CNG and 
LPG have been promoted as an alternate fuel in 
various cities across the country. However, the 
economic benefits are more with CNG compared to 
the other fuels, but performance issues associated 
with CNG has been a larger area of concern. Though 
CNG has a higher octane rating, the laminar flame 
speed is less compared to the other fuels and hence 
the combustion characteristics are poor compared 
with CNG. 

This in turn desires a compact and turbulent 
combustion chamber to compete the performance 
characteristics of the other auto fuels. 
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CNG as a fuel is clean, economical and has been 
in use worldwide to power vehicles[1].[2] 
investigated as how the combustion chamber 
geometry can generate a swirl and will influence the 
combustion parameters and emissions in a natural gas 
S. I engine. The concept of squish generation ( [3], 
[4] ) during the early phase of turbulence have 
resulted into faster burning rates resulting in to a 
reduction in brake specific fuel economy compared to 
the conventional combustion chamber design. 

A lower laminar flow rate also signifies that the 
ignition system needs to be modified. Natural gas/air 
mixtures may have a higher breakdown voltage 
requirement than gasoline/air mixtures under 
otherwise identical conditions. At part throttle, 
natural gas fuelling requires higher manifold 
pressures (because the natural gas displaces air, and 
the throttle must be opened more to achieve the same 
power) which would lead to higher compression 
pressures and tend to increase voltage requirements. 
On the other hand, the slower burning characteristics 
of natural gas usually require more advanced timing 
than gasoline, so the spark takes place earlier during 
the compression pressure rise. 

An additional 2 kV supply to the spark plug can 
lead to a very good improvement in the performances 
( [5], [6] ) thereby quantifying the increased peak 
voltage requirements (relative to gasoline) for reliable 
ignition of natural gas under various operating 
conditions. 

Higher octane rating allows higher compression 
ratios ( CR ) and an improved thermal efficiency [7]. 
However, one significant factor that reduces the 
performances in CNG engine is its low volumetric 
efficiency due to a low density of fuel. A dedicated 
CNG engine has a higher CR compared to its 
conventional gasoline version ( [8], [9] ), however 
improvement in the power and performance 
characteristics of the CNG version seems to remain 
unsolved.  

At times, this results into compromising the 
passenger seating capacity. Hence, developing a 
dedicated CNG engine that can compete the gasoline 
versions in terms of performances is highly 
mandatory. 

These design changes may also imply that the 
stroke to bore ratio ( LDR )may play a significant role 
in making the combustion more efficient. Varying the 
stroke to bore ratio below unity may result into a 
reduced thermal and mechanical efficiency ( [10] ) 
but may result into an improved volumetric efficiency 
( [11], [12] ) in conventional gasoline engines. Lower 
LDRs caused the engine power to reduce for low-to-
medium speed and increase for higher engine speeds. 

Though larger B/S ratios look to have tempting 
effect on exhaust emissions ( [13] ). These designs 
further remain case specific based on the degree of 
compression ratio designed to suit the fuel needs and 
the ignition timings desired to enable for the complete 
combustion to take place. 

Augmenting the combustion process with by 
hydrogen addition ( [14], [15] ) or formaldehyde [ 16 
] may narrow down the differences in performances 
but they definitely solve the issues related to the tail 
pipe emissions. 

Keeping in mind all the desired parameters, 
experimental investigations were carried out on a 100 
cu cm., 4-stroke, single cylinder S.I engine retrofit 
with CNG.  

Investigations were carried out on 3 basic piston 
geometries and subsequently experimented upon for 
the changes in performances on ignition voltage and 
stroke bore ratios ( [17], [18], [19]) and dual spark 
ignition system. The present work aims at evaluating 
the performances based on the onroad tests conducted 
on the vehicle. 

2.Experimental Setup. 
The initial experiments were conducted on a 

stationary test rig. Based on the performance results 
obtained on the test rig, the on-road tests were 
conducted. 

2.1. Engine 
The engine selection was made based on the easy 

and economic availability of spares and ensured ease 
in manufacturing. 

The technical specifications of the vehicle 
identified for the testing purpose is given in table 1 
below. 

Table 1 - Geometric parameters of the engine. 
Displaced Volume  97.5 cc 
Bore  50 mm 
Stroke  50 mm 
Connecting Rod Length  90 mm  
Compression Ratio  8.2 :1 
Rated Power  5.53 kW @8000rpm 

 
2.2. CNG Unit. 

Table 2 - Technical details of the CNG kit 
Kit Make  SAGAS 
Cylinder Pressure  200 
Bars Capacity  0.5 kgs 
Cylinder Weight  7.5 kgs 
Number of stages of pressure 
reduction 

2 stages 

Pressure across the vaporizer 0.06 
The CNG kit was tailor made for optimal 

performances to suit the testing needs, with a unified 
design of the venturi for mixing of gas and air. 

2.3. Pistons 
The 3 piston geometries were identified based on 

local availability in the market and the piston 
selection was made such that the basic structure of the 
combustion chamber is not affected and they all fit in 
one bore. The pistons have been designated as Piston 
A, B and C respectively. The pistons identified for the 
tests are shown in figure 1 below. 
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Fig. 1 – Piston Geometries 

2.4. Ignition Coils 
Figure 2 below shows the ignition coil 

arrangement where the lighting coil is replaced by 
high voltage ignition coil to supplement the original 
ignition coil. These coils were fitted to the engine 
when tested for higher ignition voltage.  

 
Fig. 2 – Ignition coils 

 
2.5. Crankshaft modification 
In-order to investigate the influence of the LDRs, 

crankshafts have been modified by altering the crank 
radius. Tests were conducted for LDRs 0.9, 1.0, and 

1.1. Experimentation for LDR 0.8 could not be 
completed due to excessive backfire resulting due to 
improper tuning of the intake and exhaust valves and 
similarly for LDR 1.2, the crankshaft was found 
brushing the oil pump shaft. However, in all the 
above cases, the compression ratio was fixed and no 
changes were made with the ignition timing system. 
Figure below shows the crankshafts for LDR 0.9, 1.0 
and 1.1 respectively. 

 

 
 

Fig. 3 – Crankshafts of LDR = 0.9, 1.0,1.1 
 
The crankpins have been specifically designed 

and fabricated. The material for crankpin is a Cr60 
hardened to give the required strength to withstand 
the loads acting on it. Further, post assembly they 
were duly balanced. Provision for oil circulation to 
 the crank pin bearing is also provided. 

3. On-Road Tests 
The vehicle was tested for on-road tests on both 

gasoline and CNG mode. Tests were conducted for 
both mileage as well as acceleration. The on-road test 
vehicle is shown in Figure 4 below. 

 
Fig. 4 – On-road test vehicle fitted with CNG kit. 
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3.1 Mileage Tests 
To conduct the mileage tests, the road  

selection was made based on the quality of road with 
no speed breakers and a flat road condition. The 
vehicle was run at a speed range of 47 – 50 km/hr. 
Fuel consumption for gasoline was measured using a 
measuring flask at an interval of 200 ml and odometer 
readings were noted accordingly. Tests were repeated 
for 5 times and the best of the average of 3 close 
proximity results were considered for calculating the 
mileage. Similarly, testing on CNG was carried out 
by weighing the cylinder on a digital weighing scale 
capable of measuring the masses upto 3 decimals. 
The results for mileage tests are shown in the bar 
chart, Figure 5 below. The abbreviation on the bar 

chart is shown in the table below. 
Table 3 - Abbreviation for the terminology used 

A 1.0  Piston A, LDR = 1.0, High  
Ignition Voltage 

B  Piston B  
C Piston C 
A 0.9  Piston A, LDR = 0.9, High Ignition 

Voltage 
A 1.1  Piston A, LDR = 1.1, High Ignition 

Voltage 
SC A 1.0 Single Coil Piston A,LDR =1.0 ( Base 

Version ) 
O.E  88 cc OE Vehicle 

 
Fig. 5 – Comparison of mileage. 

 
The base version ( SC A 1.0 ) had a mileage 

which is nearly 10 - 20 % less than the ones having 
higher ignition voltage in the LDR range of 0.9 to 1. 
However, the mileage for pistons B and C in 
comparison to Piston A with higher ignition voltage 
remains in the same range. Similarly, the mileage in 
CNG is maximum for LDR 0.9 ( A 0.9 -1 ). 

The improvement in mileage is for LDR 0.9 ( A 
0.9 -1 ) on CNG is 10 – 20 % against the various 
combinations tested. Further, LDR 0.9 ( A 0.9 -1 ) on 
gasoline had a better performance with an 
improvement of at least 10 % in mileage.  

 
3.2 Acceleration Test  

 
Fig. 6 – Comparison for Acceleration. 

The acceleration test was performed with the 
following criteria that the engine will be throttled 
with subsequent gear shifting until the vehicle speed 

reaches the 50 km/hour mark. The time taken to reach 
this threshold was noted. Each test was repeated for 5 
times and the average of the best of the three was 
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considered. The results of acceleration tests is shown 
in Figure 6. In the gasoline version, SC A 1.0, which 
is the base version has a lower acceleration ( 8.8 
seconds ). However, in the rest of the cases compared 
to SC A 1.0, the ignition voltage is higher. The 
highest acceleration is found for A 1.0 which happens 
to be a 110 cc engine. The effects on acceleration for 
A 1.0-1 (7.61 seconds) and A 1.1 ( 7.1 seconds ) 
don’t seem to play a significant role on the drivability 
of the vehicle, however the power in A 1.1 was found 
more compared to the other sets. 

In CNG version, the acceleration tests have found 
to be better than the base version except for A 0.9 
which has an acceleration of 12.42 seconds, this can 
also be verified on the basis of the mileage which 
stands maximum for this particular set. It can be 
witnessed from Figure 6, that the acceleration on 
CNG for OE is less ( 13.88 seconds ) compared to all 
the cases is due to the fact that the OE 1 is actually an 
88 cu cm. engine which has an automatic power 
transmission system whereas the rest of the 
arrangements is a geared drive. Pistons B ( 13.6 
seconds ) and Piston C ( 11.86 seconds ), show no 
major change in performances is owing to the fact 
that the ignition system was a conventional one 
without being augmented for a higher ignition 
voltage. However, drivability for Piston B and Piston 
C was found to be quite similar under both gasoline 
and CNG mode.  

4. Conclusions 
An on-road test was performed on a 100 cu.cm, 4 

stroke SI engine retrofit with CNG and investigated 
upon for mileage and acceleration. The tests have 
been conducted with a gross vehicle weight of 230 
kgs, includes 120 kgs for the pillion and the driver. 
The results were found convincing.  

The summary of the entire test is as below : 
a. On gasoline mode, the best performance was 

found for LDR = 1.1, A 1.1, and the engine was 
found running smooth. However, this setup comes 
under the 110 cu.cm category. 

b. Performances for LDR = 1.1, A 1.1 on CNG 
were found the best.  

c. Mileage has been found maximum under LDR 
0.9, A 0.9 – 1. 

d. The mileage for LDR = 0.9, A 0.9 was found 
have improve by 9 % as compared to LDR = 1.0, C 
which happens to be the base version for the On-Road 
Tests. 

e. Mileage with LDR = 0.9, A 0.9 has improved 
by 20 % compared to OE version. 

f. Acceleration tests reveal a drop of 34 % in 
performance for LDR 0.9, A 0.9 compared to base 
version Piston C.  

g. The engine, A 0.9 – 1 is actually an 88 cu.cm 
engine and when compared with the OE 88 cu cm. 
vehicle, it was found that the performances on CNG 
for LDR = 0.9, A 0.9 – 1 was 10 % more than the 
performances delivered by OE1. This means that the 
present CNG system develops better performance 

than the existing OE engine. 
h. The performances on CNG for LDR = 0.9, A 

0.9 – 2 can be improved upon by designing the 
vehicle with the optimum gear ratios to compete with 
the gasoline engines of the higher categories tested 
here. 
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ABSTRACT 

Nanostructured (Al, Ti, Si)N thin film coatings were synthesized by d.c. reactive 

magnetron sputtering, performed in an Ar/N2 gas mixture from a planar rectangular 

Al:Ti:Si=50:25:25 alloyed target. The mass flow of N2 reactive gas was strictly 

controlled in sputtering process. Conventional transmission electron microscopy (TEM) 

technique was used for microstructure investigation of the as deposited films. Cross-

sectional cuts performed through the deposited films revealed distinct microstructure 

evolution for different samples. It was found that the variation of the reactive gas amount 

induced changes in film microstructure. The metallic AlTiSi film exhibited strong 

columnar growth with a crystalline structure. The addition of a small amount of nitrogen 

to the process gas leads to a crystallite refinement. Further increase of N concentration 

resulted in evolution of fine lamellae growth morphology consisting of chain-like pearls 

in a dendrite, clusters of very fine grains in close crystallographic orientation. 

Keywords: nanotechnology, nanostructured coatings, magnetron sputtering, n concentration 

 
1. Introduction 

Nanocomposite coating materials, consisting of a 

nanocrystalline transition metal nitride and an 

amorphous tissue phase, gained recently a special 

interest due to their unusual mechanical properties. 

These coating materials are characterized by high 

hardness [1], enhanced elasticity [2] and high thermal 

stability [3]. Some study revealed that the ratio 

between hardness and elastic modulus H/E plays an 

important role to the coating performance. 

Furthermore, some study also emphasized that in 

multiphase nanocomposite materials the 

microstructure plays an important role [4]. 

As was suggested by Weprek [5], in 

nanocomposite materials the structure and size of 

nanocrystalline grains embeded in the amorphous 

tissue phase as well as the high cohesive energy at 

their interfaces, are the main parameters which are 

influencig the mechanical behaviors of the coatings. 

The reported results revealed that adatom mobility 

may control the microstructure evolution in 

multielemental coating systems, where the substrate 

temperature and the low energy ion/atom arrival ratio 

has significant effect on growth of nanocrystalline 

grains. 

In the last decade intense research activity was 

devoted to provide techniques and design architecture 

of process parameters for deposition of multiphase 

nanocomposite materials. The reactive d.c. and r.f. 

magnetron sputtering, arc plasma PVD techniques are 

the main established technologies used in plasma 

assisted deposition of thin films coating. The most 

studied material is the quaternary (Ti, Al, Si)N nitride 

system which revealed the most promising results.  

Microstructure and growth mechanism of arc 

plasma deposited TiAlSiN (35 at.%Ti, 42 at.%Al, 

6.5at.%Si) thin films were investigated using 

conventional and high-resolution transmission 

electron microscopy by Parlinska at al. [6, 7]. The Ti-

rich zone of coating close to the substrate exhibited 

crystalline structure with pronounced columnar 

growth. The addition of Al+Si leads to a crystallite 

refinement of the coatings, and a further increasing of 

the Al+Si concentration resulted in the formation of 

nanocomposites, consisting of equiaxial, crystalline 

nanograins surrounded by a disordered, amorphous 

SiNx matrix. 

In this paper (Al, Ti, Si)N single layered thin film 
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coatings deposited on Si(100) and high-speed steel 

substrates produced by d.c. reactive magnetron 

sputtering were studied. The objective of this study is 

to investigate microstructural changes in (Al, Ti, Si)N 

thin film coatings as a function of nitrogen 

concentration. The analysis was carried out by 

conventional transmission electron microscopy. 

 

2. Experimental details and characterization 

technique 

Deposition experiments of (Al, Ti, Si)N 

quaternary nitride coatings were carried out in a 

laboratory scale equipment by d.c. driven magnetron 

sputtering, whose details are reported elsewhere [8]. 

The three independent sputter sources were closely 

arranged side by side on the neighboring vertical 

walls of a 75 loctagonal all-metal high vacuum 

chamber. The closely disposed UM magnetrons 

arranged on an arc segment were highly interacting 

by their magnetic fields, leading to a far extended 

active plasma volume. In the present deposition 

experiments only the central magnetron source was 

active, while the adjacent two magnetron sources 

contributed only in generating of closed magnetic 

field. A high purity planar rectangular target material 

of alloyed AlTiSi was used. Elemental composition 

of the alloyed target was 50 at.% Al, 25 at.% Ti, and 

25 at.% Si, with 165x85x12 mm3 in size, which was 

partially covered on the erosion zone with a Ti sheet. 

Prior to deposition a base pressure of 2�10-4Pa was 

established by operating a 540 l/s turbomolecular 

pump. 

The substrates were high-speed steel (HSS) for 

tribological measurements, and <100> Si wafers 

covered by thermally grown SiO2 for structure 

characterization. The target-to-substrate distance was 

kept constant at 110 mm in all runs. The substrates 

were positioned in static mode on a molybdenum 

sheet substrate holder, which allowed application of 

Us= –75 V bias voltage. The Mo sheet was externally 

heated for a controllable substrate temperature of Ts= 

400 ºC. 

Prior to the starting of the deposition process the 

surface of substrates were plasma-etched by a d.c. 

glow discharge in argon for 10 min at 0.8 Pa, while 

the bias voltage has been limited up to 350 V. During 

the ion etching of substrates, the target surfaces were 

also sputter cleaned by operating the magnetron unit 

at limited discharge power (pre-sputtering power 150 

W). The substrate surfaces were shielded during the 

pre-sputtering. After about 10 min sputter cleaning of 

the targets, the discharge power at the target was 

raised to 500 W and the development of coating 

started with the deposition of a 50 nm thick AlTiSi 

seed-layer in pure Ar atmosphere. In the next step a 

gradient (Al, Ti, Si)(N) interlayer were reactively 

deposited with the same sputtering power of the 

target, while N2 flow rate was increased slowly up to 

the designed value. The argon gas flow was kept 

constant at 6.0 sccm. The typical thickness of the 

coatings was approximately 2 �m. 

The reactive sputtering process was performed in 

a mixture of Ar and N2 atmosphere at 0.18 Pa. 

During of the reactive sputtering process the nitrogen 

mass flow rate was controlled with an Aalborg DFC 

26, which contains a solenoid valve. The argon gas 

throughput (qAr=6.0 sccm, measured by GFM 17 

Aalborg mass flow meter) was adjusted by a servo 

motor driven mass flow rate controller (MFC-

Granville Phillips S 216). A constant sputtering 

power of 500 W, with a current density rough of 10 

mA�cm-2 in the target, was selected during of 

deposition. The experimental conditions for 

preparation of (Al, Ti,Si)N coatings are listed in 

Table 1. 

 
Table 1 - Summary of deposition parameters used for 

preparation of (Al, Ti, Si)N coatings: Pd-d.c. magnetron 

discharge power, qN2- nitrogen mas flow rate, 

Ts- substrate temperature, Us- substrate bias voltage 

 
 

The microstructure of the as-deposited coatings, 

such as size and morphology of the crystals were 

examined by a 100 kV voltage operated JEOL 100U 

transmission electron microscope. To prepare cross-

sectional XTEM samples for transverse 

observations,the samples were subjected to ion-

milling in view of thinning up to electron beam 

transparency. Thin specimens for X-TEM 

investigations were prepared in Technoorg-Linda 

IV/H/L ion beam thinning unit. High energy ion beam 

thinning was completed with a low angle and low 

energy (200 eV) ion beam etching. Bright-field (BF) 

and dark-field (DF) imaging techniques were used for 

investigation of the crystalline structure. The 

identification of the crystallographic phases and the 

crystal orientation was performed also by selected 

area electron diffraction (SAED). The SAED patterns 

were processed and evaluated with the ‘Process-
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Diffraction’ software tool developed by Labar [9]. 

 

3. Results and discussion 

Transmission electron microscopy in conventional 

(TEM) mode has been used on samples that were 

thinned by the ion beam milling cross-section 

technique. In this X-TEM study, performed to 

investigate the microstructure of our prepared (Al, Ti, 

Si)N nanocomposite coatings, we combined direct 

imaging and selected area electron diffraction modes 

(SAED), which facilitates to obtain information about 

the microstructure morphology, grain size and 

crystallographic preferred orientation. 

 

 
Fig. 1 – XTEM micrograph showing a cross sectional 

view of the columnar structured polycrystalline AlTiSi 

thin film coating of sample TiS_01 
 

 
Fig. 2 – SAED diffraction pattern of AlTiSi thin film 

coating (TiS_01 sample): the reflection rings in the 

electron diffraction pattern indicate an f.c.c. structured 

TiAlSi solid solution phase and segregated TiSi2 phase 

showing (200) texture evolution in the growing direction 
 

A typical example of the microstructure of TiAlSi 

coating is given in Fig. 1. 

The micrograph indicates cross sectional image of 

the crystalline coating. The crystallite in a conical 

evolution starts close to the substrate and are growing 

in a competitive mode up to approximately 80 nm in 

width throughout the film thickness. 

 

 
Fig. 3 – XTEM micrograph images of coating (sample 

TiS_09) grown by nitrogen flow rate of qN2=2 sccm: a). 

Bright field (BF) image indicate a weakly columnar 

structure evolution in close to the interface, b). Enlarged 

image indicates transition from the ternary TiAlSi sub-

layer to the quaternary (AlTiSi)N overgrown layer: the 

microstructure inside of the column’s bulk shows a 

tendency for evolution in a curved fine lamellae 

morphology 
 

The elongated crystallites are growing through the 

entire film thickness up to the top surface of the 

coating. The columnar crystallites are normally 

oriented to the substrate’s surface. Large crystallites 
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in size of approximately 80 nm are separated by the 

more electron transparent TiSi2 phase segregated to 

the grain boundaries. The SAED patterns taken from 

the bulk region of the film (not shown here) exhibit 

well defined spotted diffraction rings. The SAED 

pattern taken from the near substrate region of the 

coating proved crystalline character of the Si doped 

TiAl film (Fig. 2). The phases that can be derived 

from the diffraction pattern are mainly fcc-B1 NaCl 

type of TiAlSi solid solution and TiS2 crystallites. 

The simulation of the diffraction rings was performed 

taking into account an fcc-type structure. Clearly can 

be seen the <200> preferential growth direction, 

indicated by significant brightness increase due to 

reflections from (200) crystallite planes that are 

parallel oriented to the growing surface. 

The composition of the thin film was calculated 

from EDS spectra, and found to be: Ti:34at%, Al: 

46at% and Si: 20at%. 

By adding a small amount of nitrogen as reactive 

gas in argon process gas, the morphology of the film 

dramatically changed. For a nitrogen flow rate of 

qN2=2 sccm the microstructure indicate a weak 

columnar evolution (Fig.3a). Inside of the columns a 

development tendency of a slightly curved fine 

lamellae growth morphology could be identified (Fig. 

3b). 

 

 
Fig. 4 – SAED electron diffraction pattern of the 

(AlTiSi)N thin film coating (TiS_09 sample): the 

continuous reflection rings in the electron diffraction 

pattern suggest a grain refinement in the coating with a 

tendency of transition from polycrystalline phase to a 

mixture of nanocrystalline AlTiSiN and silicon nitride 

amorphous tissue phase 
 

The composition of the thin film was calculated 

from EDS spectra, and found to be: Ti:23at%, Al: 

46at% and Si: 30at%. Nitrogen was not detected by 

this method in the film. The selected area electron 

diffraction pattern revealed a grain refinement due to 

phase segregation and the consequent formation of 

polycrystalline grains in mixture with amorphous 

matrix phase (Fig. 4). The SAED pattern claims for 

two-phase mixture of TiAlN nanocrystals embedded 

in an amorphous silicon nitride tissue phase, while the 

(200) preferential growth is slightly maintained. 

With further increase of the nitrogen amount in 

the film disappear the crystalline character of the 

coating and continue to develop a nanocomposite 

structure, possibly consisting of nanocrystalline 

Ti3AlN/TiSi2grains of 2…3 nm in size surrounded 

by an amorphous SixNy and/or AlN matrix phase 

(Fig. 5a). The composition of the thin film was 

calculated from EDS spectra, and found to be: 

Ti:12at%, Al: 19at%, Si: 23at% and N 46at%. 

Based on X-ray diffraction (XRD) data 

investigation reported by Carvalho et. al. [10, 11] an 

increase in the lattice parameter from 0.418 nm to 

0.429 nm of the (Ti, Al, Si)N nanocomposite coating 

has been reported, when the adatom mobility was 

changed. The lowest lattice parameter corresponded 

to a Ti-Al-Si-N phase where some of the Si and Al 

atoms are occupying Ti positions in the fcc -TiN 

lattice. The highest lattice parameter was associated 

to a system where a partial Si segregation occurred, 

which might be enough to nucleate and develop a 

Si3N4 phase. It has been suggested that Si3N4 tissue 

phase forms a covering layer on the growth surface of 

the (Ti,Al)N nanocrystallites, limiting their growth. 

Formation of AlN precipitation due to the partial 

segregation of Al atoms, it should be considered also 

due to the effect of enhanced ion bombardment 

provided by the focused plasma beam, that is 

characteristic for the present experimental conditions 

[8]. When atomic surface mobility in the growing 

film is adequate, due to the high deposition 

temperature and/or due to an energy transfer from an 

increased incident ion-to-atom arrival rate ratio, the 

segregated atoms can nucleate and develop the new 

phase [12]. 

The increase in deposition rate induces a decrease 

in the surface mobility related with the decrease of 

the ion-to-atom arrival rate ratio. These particular 

deposition conditions explain the columnar structure 

of sample, which is clearly seen in the dark field 

image. 

From the detailed observation of the SAED 

diffuse diffraction pattern, the presence of an 

amorphous phase surrounding the Ti3AlN 

nanocrystallites can be attributed to SixNy matrix. 

Addition of minor amounts of SixNy leads to an 

encapsulation of the growing TiAlN crystallites and 

hindering their growth. The grain size of the coating 

material decreases with (111) Ti3AlN (200) Ti3AlN 

(220) Ti3AlN (311) Ti3AlN (422) Ti3AlN 

416increasing concentration of amorphous tissue 

phase material. 

Further experimental works are in progress for 

investigation of structure evolution of the as 

deposited coatings and characterization for their high 

temperature stability. 
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Fig. 5 – Bright field XTEM images and SAED 

diffraction pattern of (AlTiSi)N thin film coating 

(TiS_05 sample, qN2=5 sccm): a). The microstructure 

near the film-substrate interface indicate a competitive 

columnar evolution in close to the interface of the 

(AlTiSi)N thin film coating and a nanograin structure 

with disordered grain limiting boundaries. b). The 

enlarged micrograph clearly shows randomly 

distribution of the very fine grains, having the average 

size of ~ 3 nm. c). Diffraction pattern revealed that an 

increased nitrogen amount leads to a nanocomposite 

structure possibly consisting of equiaxial 

nanocrystalline Ti3AlN/TiSi2 grains surrounded by an 

amorphous SixNy and/or AlN matrix phase 
 

4. Conclusions 

In the present work it was shown that: 

a). Columnar structured polycrystalline AlTiSi 

thin film coating was evolved by non-reactive d.c. 

magnetron sputtering (performed in pure Ar 

atmosphere) applied to Al:Ti:Si=50:25:25 alloyed 

target (where the discharge power 500 W, substrate 

temperature Ts= 400 ºC, bias voltage Us= –75 V 

were held constants). 

b). Addition of a small amount of nitrogen to the 

process gas leads to a crystallite refinement of 

polycrystalline (Ti, Al, Si)N thin films. Increase of N 

concentration (qN2=2 sccm) resulted in fine lamellae 

growth morphology of nanostructured coatings, 

consisting of chain-like pearls in a dendrite evolution, 

clusters of very fine grains in close crystallographic 

orientation. 

c). Further increase in nitrogen amount 

(qN2=5sccm) leads to a nanocomposite structure of 

(Ti, Al, Si)N coatings consisting of crystalline 

Ti3AlN nanograins in 2…3 nm size surrounded by an 

amorphous SixNy and/or AlN matrix phase. 
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ABSTRACT 

This paper presents the implementation of a vibrations suppression compensator for 3-

DOF systems. The model of the original system is built using independent second order 

transfer functions for each mode. A reference model is obtained by cloning the original 

transfer function and replacing the damping ratios with 1, as no residual vibrations are 

de-sired. The compensator is the result of the division of the reference model by the 

original model. Simulations of the behavior of the original system, compensator and 

compensated system are provided, along with a numerical interpretation of the solution’s 

efficiency. 

Keywords: vibrations, compensator, 3-dof systems, application 

 
1. Introduction 

Vibrations are one of the most undesired 

phenomena in the mechanical systems. They have 

intensively been studied and many works have been 

written to describe their behavior [5] [6] [7]. 

Machine-tools are mechanical systems as well, 

therefore they suffer from the same problem of 

vibrations. In this case, the vibrations problem is even 

more dangerous as the processing precision is highly 

affected, both in piece quality and in processing 

speed. A detailed study of mechanical suppression 

solutions has been given in [2]. 

Modern machine-tool are mechatronic systems by 

excellence and they highly rely on the software 

performance. This creates the opportunity to 

implement even more complex vibrations suppression 

solutions as in [1]. 

Most vibrations suppression solutions imply 

mechanical intervention within the original system 

and this may cause an original performance 

alteration. Therefore, non-invasive compensation 

solutions have been developed such as command pre-

shaping techniques [4] [9]. As these methods re-quire 

exact knowledge of the process model, they are 

sensitive to identification errors. However, more 

robust methods have also been developed [10] [11]. 

A simple reference model based vibrations 

suppression solution has been presented in [8]. This 

paper implements a vibrations suppression 

compensator for 3-DOF systems. 

 

2. The 3-DOF system 

The original system in this paper has a modal 

structure composed of three independent second order 

transfer functions as the one in (1). 

 

  (1) 

 

These transfer functions are composed in parallel 

in order to obtain the multimodal system, as described 

in (2). 

 

 (2)

 
 

The modal parameters are shown in Table 1. 

 
Table 1 - 3-DOF system modal parameters 

 
 

A simulation of the original multimodal system 

response to standard test signals is given in Fig. 1-3. 

The frequency response of the system is given in Fig. 
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Fig. 1 – System’s unit step response 

 

 
Fig. 2 – System’s impulse response 

 

 
Fig. 3 – System’s ramp response 

 

 
Fig. 4 – System’s response spectrum 

 

The analysis of the system’s response reveals the 

over-shoot σ and settling time τ in (3). 

 

 
   (3)

 
 

3. Vibrations suppression compensator design 

The vibrations suppression strategy in this paper 

requires an open-loop compensator to reshape the 

original input signal r(t) into a compensated signal 

r′(t) to be fed to the original system, as shown in Fig. 

5. This is a non-invasive technique that only reshapes 

the system’s input signal to trigger vibrations free 

output. 

 

 
Fig. 5 – Compensated system 

 

In order to obtain the model of the compensator, a 

reference model is required. Choosing the reference 

model is one of the most sensitive parts of the 

controller design procedure. This reference model 

will decide the dynamic behavior of the resulting 

system. Therefore, a simple multimodal model has 

been chosen. It has the same structure as the original 

model, thus being a 3-DOF system. More, it has the 

same modal parameters as the original system except 

for the damping ratios that must be 1. The reference 

model is shown in (4). 

 

   (4) 

 

Having the reference model and the original 

system model it is possible to obtain the transfer 

function of the compensator as the division of the 

reference model by the system model, as shown in 

(5). 

 

   (5)

 
 

The compensated input signal that will feed the 

original system is shown in Fig. 6 and its spectrum in 

Fig. 7. 

 

 
Fig. 6 – Compensator unit step response 

 

The compensator design strategy is detailed in [8]. 
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Fig. 7 – Compensator response spectrum 

 

4. Simulation of the compensated system 

After introducing the compensator between the 

input source and the original system as in Fig. 5, the 

compensated system is ready and can be simulated. 

Simulations of the compensated system with unit 

step, impulse and ramp input signals are shown in 

Fig. 8-10. The compensated system’s clean spectrum 

is shown in Fig. 11. All simulations in this paper have 

been made with help of GNU Octave [3]. 

 

 
Fig. 8 – Compensated system unit step response 

 

 
Fig. 9 – Compensated system impulse response 

 

 
Fig. 10 – Compensated system ramp response 

 

 
Fig. 11 – Compensated system response spectrum 
 

The response of the system is dramatically 

improved and the numerical analysis comes to 

underline this. The compensated system’s overshoot 

σ′ and settling time τ′ given in (6) have been 

improved by values of 100% and 84.36%, 

respectively. 

 

 

   (6)

 
 

These numbers confirm the efficiency and 

suitability of the vibrations suppression technique. 

However, this method requires a priori knowledge 

of the system’s structure and parameters, therefore is 

sensitive to identification errors. a detailed sensitivity 

analysis may give a wider image of the system’s 

tolerance to parametric errors. 

Some variations of this method come to increase 

the solution’s robustness and enlarge the range of 

application. 

 

5. Conclusions 

This paper presents the design and simulation of a 

simple multimodal vibrations suppression 

compensator for a general purpose 3-DOF system. 

The non-invasive command pre-shaping method 

is easily applicable to other multimode systems and 

has high efficiency for both the elimination of the 

residual vibrations and the decreasing of the settling 

time, making the system faster and more precise. 

Future developments of the method must be 

focused on increasing the precision of the original 

system’s identification and the increase the robustness 

of the compensator. 
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ABSTRACT 

The paper is a study case for a clamp mechanism design, solving a synthesis problem. 

Starting form a realized clamp offered by Carr Lane Co. based on a smooth spiral cam, 

the author proposes a better cam profile, a more secure one. The problem of synthesis is 

to determine the new cam profile. The enveloped method presented, offers a compact way 

to determine the planar or spatial cam profile. The new profile was calculate and 

represented in AutoCAD environment using an AutoLISP program. 

Keywords: cam profile, enveloping method, clamp mechanism, AutoLISP 

 
1. Introduction 

In the design of a mechanism the first step is its 

definition in a sketch. Let there be the sketch in Fig. 

1, associated to a simple clamp mechanism with cam, 

made of: ground 0, clamp 1 and handle 2. On the 

clamp we distinguish the profile of a cam, which is 

undetermined. 

 

 
Fig. 1 – Sketch of a clamp mechanism 

 

The mechanism is handled manually; by pressing 

the handle, the flat heel presses the cam, leading to 

closure of the piece with contact on the head of the 

clamp V. The sketch is defined within the following 

set of dimensional parameters: 

- distance between the joints of the handle and 

clamp, designate as a; 

- coordinates of the clamp, head, designated as  xv 

and yv; 

- distance from the heel to its joint, designated as 

b. 

The objective is to determine the profile of the 

cam and represent it in AutoCAD environment. 

 

2. Functional diagram 

Cam calculus is subjected to conditions of 

functional nature that allow precise definition of the 

functional diagram. These conditions can be 

expressed as follows: the initial position of 

adjustment is when the handle is vertical. For an 

anticlockwise rotation of the handle with Φ2, it is 

expected that the clamp head moves vertically at ∆y. 

The vertical stroke of the clamp head V creates a 

rotation requirement of the collar Φ1, given by the 

relation: 

 

  (1) 

 

 
Fig. 2 – The functional diagram definition 

 

The functional diagram of the cam meets the 

functional requirements: in clamp rotation at angle 

Φ1, the handle has to perform a stroke Φ2. 
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Transmission can be linear. It will determine 

dependence between the rotation angle of the cam 

and rotation angle of the handle, expressed 

mathematically in the formula: 

 

   (2) 

 

For this space function, the reduced speed of the 

handle is a constant: 

 

  (3) 

 

3. Profile of cam 

Determination of the profile of the cam is based 

on dimensional parameters give in Figure 1 and the 

transmission function (2). The calculus is based on 

the theory of enveloping curves. Let there be the cam 

mechanism represented in initial position and 

displaced position (Fig. 3). Three systems of 

coordinates Si are associated with indices 

corresponding to the individual bodies. A point P on 

the flat heel will have its own system of coordinates 

S2 (Fig. 3): 

 

   (4) 

 

Coordinates of point P in the system S1 associated 

to the cam can be obtained with a transformation of 

coordinates written as a matrix and scalar manner, 

respectively: 

 

   

 

   (5) 

 

Equations (5) describe a lines family of type (C2), 

who’s enveloping (C1) gives the profile of the wanted 

cam. The parameter of the generating curve is u and 

that of the family is ϕ1. A connection is sought 

between the two parameters, according to the theory 

of enveloping curves. 

In contact point P, the vector tangent to the 

straight line (C2) in the family and the vector tangent 

to enveloping line (C1) must be collinear; this 

requirement is expressed in a relation of the type: 

 

   (6) 

 

Replacing the partial derivatives of the parametric 

equations (5) in relation (6) and making calculations 

the relationship between the two parameters u and ϕ1 

can be obtained as illustrated here: 

 

   (7) 

 

Introducing relation (7) in (5), we obtain the 

parametric equation of the cam profile. 

 

 
Fig. 3 – Initial position and displacement of the cam 

mechanism 
 

4. Profiles comparison 

The cam profile proposed by Carr Lane is 

circular. Performances of the two cam profile can be 

measured through the limit of the coefficient of 

friction for which the clamp is displaced. These limits 

depend on the values of the parameter u 

corresponding to position of contact point Handle-

Cam. 

The closer contact to the handle axis is safer. 

Values of parameter u for ϕ1 chosen in the interval 

[0°, +4°] step of 0.5° are given in Fig. 4 as two 

graphics: for the circular cam (u1) and for the non-

circular one (u2). 

Conclusion is: the non-circular cam is surer at the 

end of the course. 

For the noncircular cam, the result is based on the 

relation (7) and a AutoLISP program listed below. 

For the circular one, proposed by Carr Lane CO, 

AutoCAD environment can also solve the problem. 
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Fig. 4 – Values of parameter u depend with angle of the 

clamp 
 

5. The AutoLISP program 

A short AutoLISP program was used for 

representation of Fig. 3, and a similar one with the 

initial date of CarrLane clamp, for profiles 

comparison. The cam profile was represented as 

polyline entity. 

 

 

 
Fig. 5 – AutoLisp program for representation 

6. Conjunction with Autodesk Inventor 

The profile in .dwg format can be imported by the 

most popular 3D CAD platforms, such as Autodesk 

Inventor [4]. These 3D platforms include generators 

for common parts like spring, gears, cams etc. and are 

used for the parametric representation of an assembly.  

But the generator included in Autodesk Inventor, 

called Design Accelerator, can’t handle this type of 

cam, so an additional program is needed in 

conjunction with Autodesk Inventor. An AutoCAD 

drawing can be imported in the sketch environment, 

and based on that it can grow the 3D model of the 

mechanism (Fig. 6). 

After validation in the sketch of the clamp 

mechanism and determination of the cam profile, the 

entire assembly can be designed in Autodesk 

Inventor. Dynamic Simulation module of this 

software is a powerful tool for the mechanism 

analysis. 

 

 
Fig. 6 – The CarrLane clamp representation, with a new 

cam profile 
 

References 

 

[1] Ionescu, Gh.D. (1975), Teoria diferentiala a 

curbelor si suprafetelor cu aplicatii tehnice, 

Editura Didactica si Pedagogica, Bucuresti. 

[2] Litvin, F.L. (1994), Gear Geometry and Applied 

Theory, PTR Prentice Hall, Englewood Cliffs, 

New Jersey, p. 121-123. 

[3] Pozdirca A. (2001), AutoCAD – Programare in 

AutoLISP, Editura Universitatii “Petru Maior” 

din Targu Mures. 

[4] ***Autodesk Inventor Professional 2009, 

Dynamic Simulation, Autodesk Ltd. 

 

273 

 



 

The 4
th

 edition of the 

Interdisciplinarity in Engineering International Conference  

 “Petru Maior” University of Tîrgu Mureş, Romania, 2009 

 

 

 

 

 

 

 

TOOTH'S TENSIONS ANALYSIS OF FACE WORM GEARS 

WITH CYLINDRICAL PINION DEVELOPMENT OF FEA 
 

Ion GAVRILA 

Phd Student, Technical University of Cluj-Napoca  

Cluj-Napoca, Romania 

ion_gavrila@yahoo.com  

 

ABSTRACT 

Tooth’s tension in lapping process for worm face gear is proposed. The stress analysis of 

the gear drive is performed using a three-dimensional finite element analysis. The 

developed simulation is illustrated with numerical examples. This complex and intuitive 

simulation was created with CAD-CAM, MATH-CAD and FEM support. This simulation 

contains data collected from EU standards. 

 

Keywords: face worm gears, cylindrical pinion, tension analysis, FEA, CAD-CAM 

 
1. Introduction 

The subject of this research project is extensive 

analysis of tension, stress and strains of face worm 

gear tooth, with special attention given to the 

influence of surface roughness. Gear teeth working 

surfaces are subjected to repeated rolling and sliding 

contacts. For operating conditions common for power 

transmission applications, the loads are sufficient to 

cause eventual fatigue of the surface. The surface 

roughness of a gear is one of the most influential 

factors that defines the quality of surface how 

determine indirectly fatigue capability of gear, and so 

this subject is of particular interest and importance to 

the field of gear design. This research project sought 

to provide analytical tools to further the 

understanding of the causal relationship of gear 

surface roughness to surface fatigue. 

We present in this paper step by step a simulation 

of tooth analysis of worm face gears. Worm face gear 

are a particular kind of worm gears. Procedures 

describe in this paper can be applied for any 

particular application. Method requited CAD-CAM, 

MATH-CAD and FEM supports. We want to 

demonstrate it is possible to create a virtual 

simulation of any particular gear without any dedicate 

programs. The paper discusses peculiarities of face 

worm gear design. 

 

2. Tooth's tension analysis development of 

FEA 

Loaded tooth contact analysis provides a realistic 

picture of tooth contact behavior under given loads 

(applied torques) and axle deflections. 

The advanced development of analysis is based 

upon following ideas and considerations: Tooth 

surface geometry is exactly defined and executed. 

The analysis results provide bench contact pattern and 

the motion graph from which instant contact 

positions, and the number of adjacent meshing tooth 

pairs, can be identified if it considers usefully. The 

FEA meshing models with multiple teeth are 

generated, using the exact tooth surface generating 

model for the worm gear wheel. 

 

 
Fig. 1 – Surface for FEA analysis 

 

The total number of elements in the models can be 

chosen by the by selecting the element numbers in 

tooth thickness, profile, and lengthwise directions. 

Consider this particular type of gears where we know 

from previous tests 10-12 % from total number teeth 

274 

 



 

 

 

are in contact with pinion in the same time so we 

create a test surface form by 5 teeth (see Fig. 1). 

Solving the governing equations needs an iteration 

process in which the kinematical approach can be 

assumed, and eventually determined together with the 

load distribution and gap vectors. As an analysis 

result, the loaded displacement and contact pattern at 

each contact position can be determined. 

Two values of torque need to be specified in tooth 

contact analysis. The first value of torque is the full-

load torque applied to the gear or pinion, 

corresponding to the torque used in evaluating the 

strength performance of the gear design. The second 

value of torque corresponds to the torque used in the 

deflection tests that were conducted to determine 

limit stress on overcharge conditions. In general, the 

two values of torque may not be the same. The torque 

can be gradually applied as the percentage of the full 

torque. 

This study will be developed distinctly. 

Simulation mean in our point of views identification 

of lapping process parameters such as: roughness, 

contact stress and friction factor. 

 

3. The geometry 

Probably the most important feature of this 

simulation is to determine the exact geometry tooth 

profile. For this task we use only valid geometrical 

description we have: we use ITW (Illinois Tool 

Works) geometry formulas [1]. 

Some important parameters of worm plain wheel 

chosen for this numerical example are listed in Table 

1. 

 
Table 1 - Plain worm wheel Input data 

 

 
 

The analysis of tooth load face-gear drives is 

presented in this section.  

The lubricant used for testing was from a single 

batch of synthetic oil density 1,048 kg/dm
3
. 

Fig. 2 presents a normal section through the teeth 

while Fig. 3 presents the 3-D view of one tooth. 

 
Fig. 2 – Normal section in teeth 

 

 
Fig. 3 – 3-D view of teeth 

 

4. Material definition 

We define the material properties for this analysis, 

with given values for Young’s modulus of elasticity 

and Poisson’s ratio. 

The analysis will be limited to the case of face-

gear drives with intersecting axes of rotation. 

 
Table 2 - Nominal chemical composition of 40 Cr10 

material (STAS 791-80) – ASTM 5140 
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5. Mesh generation 

Multiphysics simulation software from ANSYS 

allows users to create virtual prototypes of their 

designs operating under real-world multiphysics 

conditions. This industry leading software enables 

engineers and scientists to simulate the interaction 

between structural mechanics, heat transfer, fluid 

flow and electromagnetics all within a single, unified 

engineering simulation environment. 

 

 
Fig. 4 – Meshing in normal section 

 

For this analysis, you will use only one element 

type, PLANE82, which is a 2-D, quadratic, structural, 

higher-order element. The choice of a higher-order 

element here allows you to have a coarser mesh than 

with lower-order elements while still maintaining 

solution accuracy. Also, ANSYS will generate some 

triangle shaped elements in the mesh (Fig. 4) that 

would otherwise be inaccurate if you used lower-

order elements (PLANE42). You will need to specify 

plane stress with thickness as an option for 

PLANE82. (You will define the thickness as a real 

constant in the next step.)[7]. 

It provides more accurate results for mixed 

(quadrilateral-triangular) automatic meshes and can 

tolerate irregular shapes without as much loss of 

accuracy. 

The 8-node elements have compatible 

displacement shapes and are well suited to model 

curved boundaries.  The 8-node element is defined by 

eight nodes having two degrees of freedom at each 

node: translations in the nodal x and y directions. The 

element may be used as a plane element or as an 

axisymmetric element. The element has plasticity, 

creep, swelling, stress stiffening, large deflection, and 

large strain capabilities. 

 

6. Applying the loads 

Here the factor is determined through exact 

measurement, extensive mathematical analysis of the 

transfer system or existing operational experiences. 

Because of this, all gear and loading data shall be 

known. The mean hertzian stress is a parameter of 

essential importance to the flank loading. (ISO 

145212-2006). 

 
Table 3 - Selective values of loads apply to test tooth’s 

surfaces regard STAS 13024-91- Strength calculation – 

Cylindrical worm gear. 

 
 

Table 4 - Selective values of loads apply to test tooth’s 

surfaces regard (ISO 145212-2006). Calculation of load 

capacity for plain worm wheel. 

 
 

The calculation methods are partly based on 

investigations of test gears (see, standard reference 

gear, 5.2) [3], and partly on application experience. 

Investigations on test gears are mainly ascertained 

through varied test conditions and verified through 

practical experience. They are not however physically 

justified. 

 

7. The solution 

During lapping process, body of pinion exercise 

through grinding bond elements put under tension 

lapping grains. This tension can be discomposed in 

normal section N and in tangential section F which it 

is consider a working force. Lapping force varies [2], 

between 0,015 N/mm2 at super finish process of soft 

material and 0,55 N/mm2 for hardened steel 

materials. 
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Fig. 5 – Stress distribution in the tooth 

 

Specifically condition of lapping and tensions 

induce by process are then included in simulation’s 

loads. Such example we consider friction factor of 

grinding given by simplifying hypothesis in 

consideration of a singular form of lapping abrasive 

grains. For this simulation we consider spheroid 

lapping grain only [4]. 

For more contrast of material's deployment we 

execute a Von misses factor creep simulation, how 

test the simulation area until material it is fracture 

under tension pressure. 

 

8. Conclusions 

This paper presents the developments in tooth 

analysis of face worm gear. The mathematical model 

is directly associated to both face milling and face 

hobbing processes with both non-generated and 

generated methods. A specifically tooth analytical 

algorithm is proposed. The geometric models are 

created with consideration of various tooth surface 

modifications. 

This advance simulation use extensive 

information from standards: Gear calculation of load 

capacity of worm gears (ISO/DIS 14521.2-2006), 

cylindrical wormed gears–strength calculation STAS 

13024-91 and ITW (Illinois Tool Works) geometry 

formulas to create a realistic FEA simulation. 

These theoretical determinations will further 

validate and corrected by experimental determination. 
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ABSTRACT 

Within this paper, the stiffness properties of some most common composite laminates 

based on epoxy resin reinforced with HM carbon, HS carbon and Kevlar49 fibers are 

theoretically determined. Following laminates with the plies sequence [0/90/0/90]S, 

[0/45/-45/90]S and [45/-45/45/-45]S have been taken into account in the theoretical 

approach. Young’s moduli as well as shear moduli and the Poisson ratio have been 

determined. The composite laminates have been subjected to the off-axis loading systems. 

Some laminates exhibit tensile-shear interactions. 

Keywords: composite laminates, stiffness evaluation, off-axis load, angles plies 

 
1. Introduction 

Stiffness evaluation of advanced composite 

laminates is for a great importance in designing 

composite structures especially suited for aerospace 

and automotive industries. It is well known that 

composite laminates with aligned reinforcement are 

very stiff along the fibers, but also very weak 

transverse to the fibers direction. This fact is more 

obvious in the case of advanced composite laminates 

reinforced with anisotropic carbon- or aramid fibers. 

Getting equal stiffness of laminates is a demand. 

 

2. Theoretical approach 

The solution to obtain equal stiffness of laminates 

subjected in all directions within a plane is by 

stacking and bonding together plies with different 

fibers orientations [1-3]. A composite laminate (fig. 

1) formed by a number of unidirectional reinforced 

laminas subjected regarding to the loading scheme 

presented in fig. 2 is considered. The elasticity law 

for a unidirectional lamina K is: 
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where rijK  represent the transformed stiffness, σxxK , 

σyyK are the mean stresses of K lamina on x- 

respective y-axis and τxyK represent the mean shear 

stress of K lamina against the x-y coordinate system. 

The balance equations of the laminate structure are: 
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where nxx , nyy are the normal forces on the unit length 

of the laminate on x- respective y-axis and nxy 

represents the shear force, in plane, on the unit length 

of the laminate against the x-y coordinate system. σxx , 

σyy are the normal stresses on x- respective y-axis of 

the laminate, τxy represent the shear stress of the 

laminate against the x-y coordinate system. tK , t 

represent the thickness of the K lamina respective the 

laminate thickness, nxxK , nyyK  are forces on the unit 

length of K lamina on x- respective y-axis directions 

and nxyK is the shear force in plane, on the unit length 

of K lamina against the x-y coordinate system. 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 1 - Constructive scheme of a composite laminate 

 

 

 

 

 

 

 

 

 

 

 

Fig. 2 - Off-axis loading scheme of a composite laminate 

 

 

Beside the balance equations, the geometric 

conditions must be also determined, to compute the 

stresses. For composite laminates these conditions 

imply that all laminas are bonded together and 

withstand, in a specific point, the same strains εxx, εyy, 

γxy as well as for the entire laminate: 
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According to equations (1)-(5), the elasticity law 

for entire laminate can be computed [4, 5]: 
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where the laminate stiffness rij are: 
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In other words, the laminate elasticity law 

becomes: 

,

332313

232212

131211





















































xy

yy

xx

xy

yy

xx

rrr

rrr

rrr













 (8) 

  

Computing the laminate strains as a function of 

stresses, the expressions (8) are: 
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where cij represents the laminate compliance 

tensor. This tensor can be computed as a function of 

elastic constants. Thus [6, 7]: 
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It is obvious that the laminate will exhibit 

different elastic constants if the loading system is 

applied at a randomly angle, Φ, to the x-y coordinate 

system. 

3. Some advanced composite laminates 

The laminates taken into account at stiffness 

evaluation are based on epoxy resin reinforced 

alternatively with HM carbon-, HS carbon- and 

Kevlar49 fibers. These laminates present the 

following plies sequence: [0/90/0/90]S, [0/45/-45/90]S 

and     [45/-45/45/-45]S. Carbon fibers of type HM 

(high modulus) present a value of Young modulus 

larger than 300 GPa. High strength (HS) carbon fiber 

is a general purpose, cost effective carbon fiber, 

designed for industrial and recreational applications 

and is usually used for non structural components of 

aircrafts. Kevlar49 aramid fiber is characterized by 

low-density and high-tensile strength and modulus. 

These properties are the key to its successful use as 

reinforcement for plastic composites in aircraft, 

aerospace, marine, automotive, other industrial 

applications, and in sports equipment. It is available 

in continuous-filament yarns, chopped fiber, woven 

and unidirectional fabrics, tissues or veils and tapes 

for reinforcement applications. Kevlar 49 aramid is 

used in high-performance composite applications 

where lightweight, high strength and stiffness, 

vibration damping and resistance to damage and 

fatigue are key properties. Reinforced composites can 

save up to 40% of the weight of glass-fiber 

composites at equivalent stiffness [8]. 

 

4. Results 

General input data are: fibers volume fraction υ = 

0.5 in all cases, laminates thickness  t = 1 mm and 

off-axis loading systems varies between 0° and 90°. 

For HM carbon fibers, following data have been used: 

EM = 3.9 GPa, E║ > 300 GPa, E┴ < 100 GPa,  υM < 

0.5, υF < 0.4, GM < 25 GPa, GF < 50 GPa. For HS 

carbon fibers the input data are: E║ < 300 GPa, E┴ < 

80 GPa and for Kevlar49 fibers: E║ < 200 GPa, E┴ < 

50 GPa. 

The computed elastic constants Exx and Gxy are 

presented in figures 3 – 7. 

The basis of the experimental method to verify 

these values are presented in [9]-[14]. 

[0/90/0/90]S epoxy based laminate
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Fig. 3. Young’s modulus Exx distribution versus off-axis loading systems 
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[0/90/0/90]S epoxy based laminate
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Fig. 4. Shear modulus Gxy distribution versus off-axis loading systems 

[0/45/-45/90]S epoxy based laminate
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Fig. 5. Young’s modulus Exx distribution versus off-axis loading systems 

[45/-45/45/-45]S epoxy based laminate
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Fig. 6. Young’s modulus Exx distribution versus off-axis loading systems 
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[45/-45/45/-45]S epoxy based laminate
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Fig. 7. Shear modulus Gxy distribution versus off-axis loading systems 

 

5. Conclusions 

Tensile-shear interactions lead to distortions and 

local micro-structural damage and failure, so in order 

to obtain equal stiffness in all off-axis loading 

systems, a composite laminate have to present 

balanced angle plies, e.g. [0/45/-45/90]S. Under off-

axis loading, normal stresses produce shear strains 

(and of course normal strains) and shear stresses 

produce normal strains (as well as shear strains). This 

tensile-shear interaction is also present in laminates 

but does not occur if the loading system is applied 

along the main axes of a single lamina or if a laminate 

is balanced. 
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ABSTRACT 

This paper presents a biomechanical application, namely the analysis of an orthodontic 

structure, of parametric modeling using INVENTOR design programme and then transfer 

for FEM analysis using ALGOR analysis programme. 

 

Key words: finite element method, tooth movement, orthodontic force 

 
 

1. Theoretical aspects 

The study performed is aimed at analysing 

through FEM the biomechanical reactions due to the 

dental drifting produced by the action of the 

orthodontic forces, with a view to anticipating the 

tissular phenomena affecting the dento-periodontal 

structures. 

The upper central incisor (CI) without dento-

maxillary disharmony and osseous radicular 

resorption has been considered as being 

representative for the study, as it shows the most 

significant dental drifting as well as a high risk of 

radicular resorption when compared to the rest of the 

teeth.   

The orthodontic forces that may act on the dental 

corona may have different directions. Generally, the 

most stressed in the case of a periodontal structure are 

the horizontal orthodontic forces (tilting forces). They 

can cause structural modifications, parallel with the 

changing of the teeth position. For this reason, force 

intensity and dosing are very important, depending on 

the individual reactivity of the periodontal tissues.  

Their values, hard to measure, are in line with 

those indicated by the studied specialized literature. 

They range between the values: F = 1  3 N. In order 

to realize a complex study and to be able to extend 

the obtained conclusion, given the case of a stressed 

periodontal structure, a simulation on the model 

created through FEM has also been performed with 

an excessive value of the orthodontic force 

(supraliminal) which practically exceeds the usual 

values, namely of F = 5 N.  

The sequence of operations with a view to FEM 

modeling and analyzing can be expressed by the 

algorithm in fig. 1. 
 

 
 

Fig. 1: The algorithm of the modeling – FEM analysis 
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Fig. 2: Parametric modeling – INVENTOR 

 

Using INVENTOR design programme for 

modeling, an accuracy image of the real geometry of 

the tooth cold be obtained. 

 

2. Digitization. Materials 

By maintaining the geometric equivalence to the 

shape of the upper central incisor for the generated 

three-dimensional model of the tooth, 3D-type finite 

elements - tetrahedron or hexahedron – have been 

used (fig. 3). 
 

 
Fig. 3: Digitization 

 

The extreme conditions imposed for all the 

peripheral nodes at the level of the alveolar bone are 

null drifting conditions.  

The loading of the model has been performed 

using a nodal forces which corresponds to the 

horizontal orthodontic forces and which produces a 

titling-type drifts, having as application point the 

node located in the centre of the vestibular side of the 

upper CI, at 4.5mm of the incisal surface, with 

intensities of: F = 1  5 N (F = 5 N as supraliminal 

value).  

The material characteristics of the tooth 

(Poisson’s ration, , and Young’s module, E), have 

been considered given the case of a tooth without 

dento-maxillary disharmony and osseous radicular 

resorption. Furthermore, the tooth is considered 

homogenous and isotropic, with a static linear 

behavior, taking a linear relation between the tensions 

(stress) and deformations. For the case studied: 

E=1.9610N/mm
2
 and  = 0.3 . 

The situation is different in the case of periodontal 

structures at patients of old age, when the osseous 

resorption phenomenon appears and the tissues of the 

structure change, thus modifying the material 

characteristics too. 

 

3. Results 

The results which are considered significant for 

the interpretation of the biomechanical reactions in 

case of orthodontic displacements and which give 

relevance to the phenomena studied are expressed by 

the following values: 

 

 
Fig. 4: Distribution of displacements – equal areas 

deformations, when F = 5 N [mm] 

 

a. Drifting depending on the acting direction of 

the force; 

b. Stress depending on the direction of the applied 

orthodontic force: on Y axis, when the force is 

horizontal (corresponding to the direction of action of 

the force); the orthodontic tilting movement has been 

simulated by applying a horizontal orthodontic force 

in the middle of the vestibular side (V) of the upper 

CI, at 4. 5mm of the incisal surface; F = 1  5 N (the 

application of a horizontal force having an intensity 5 

times bigger F = 5 N shows the consequences of the 

orthodontic supraliminal forces);  

c. Stress according to Von Mises’ theory, namely 

the resulting or the equivalent stress in the three-

dimensional space X, Y, Z; 

 

4. Discussion 

The Finite Element Method is a modern 

computer-based method of analysis, having some 

extremely varied applicability fields: aeronautics, 

structural and industrial engineering, nuclear field, 

medicine [1]. 

It is generally pursued to determine, within the 

considered field, the values of one or several 

unknown functions such as: tensions, pressures, 

specific deformations, temperatures, displacements 

and speeds [2]. This method has been successfully 

used for several years in engineering and it uses the 

computer in solving some systems with a big number 

of equations, in order to determine the tensions and 

the deformations, on the basis of the analyzed 

structures’ physical properties.  

IC 

su

p. 

284 

 



 

 

 

 
Fig. 5: Distribution of equivalent stress Von Mises, when   

F = 5 N [N/mm²] 

 

 
Fig. 6: Detail – Distribution of equivalent stress according 

to Von Mises, when F = 5 N [N/mm²] 

 

This method is being more and more used in 

medicine too for an extremely precise investigation 

and identification of structural stress and 

displacements, under the influence of the different 

external factors on the human body [3].  

In this study, all materials used to create the FEM 

model were considered isotropic and elastic. The 

values of Poisson's Coefficient (µ) and of Young's 

modulus (E) for different materials were derived from 

other investigations [4, 5]. 

According to the geometry, dimensions and 

morphological data of the upper central incisor (CI), 

from the specialty manuals [6], and using a soft based 

on FEM [7], a general three-dimensional model was 

created, which includes the tooth - PDL - alveolar 

bone ensemble. 

The proposal three-dimensional model can be 

considered as an important alternative for clinical 

studies. On the other hand, the highlighted results can 

be of great help to refine the set-up of human studies 

and conquer the limitations in human research.  

The results obtained after computer simulations 

emphasize the displacements and stress distribution 

of tooth-PDL-alveolar bone ensemble. 

Tanne [4], in a 3D FEM study, reported a cervical 

margin stress of 0,012 N/mm² when a directed force 

of 1N was applied to the centre of first upper 

premolar model.  

Other authors [8, 9] reported a stress value of 

0,132 N/mm² at the cervical margin and a stress value 

of 0,002 N/mm² at the apex.  

Geramy studied the maximum principal cervical 

stress and reported a value of 0,072 N/mm², while 

that at the apex was 0,0038 N/mm² [10-12]. 

 

5. Conclusion 

The application of tilting horizontal forces having 

the same orientation and on the same nodal point on 

the side V of the upper CI, but of different intensities, 

allows a comparison of the values related to the tooth 

deformation as well as the visualization of the 

distribution of displacement/stress, and the areas with 

equal deformations/stress: 

 One can notice high values of the displacements 

at the level of the dental corona, reaching 

maximum values at the level of the incisal 

surface  according to plan +10.5, decreasing, 

with minimal values at the level of the dental 

neck (fig. 4);     

 As a result of the simulation performed by 

applying horizontal orthodontic forces in the 

middle of the vestibular side (V) of the upper 

CI, its tilting process has been confirmed ; the 

stronger the tilting phenomenon, the higher the 

value of the horizontal orthodontic force; 

 The application of a horizontal force in the same 

nodal point on the side V of the upper CI, on the 

same direction but having an intensity 5 times 

bigger, shows the dangerous consequences of 

the supraliminal orthodontic forces; 

The evaluation of the results related to the stress 

depending on the direction of the force (Y axis) 

indicates that from a qualitative viewpoint, the 

phenomenon manifests identically in all cases (F = 1 

N ÷ 5 N). By displaying in detail the tensions from 

the radicular transversal sections corresponding to the 

surfaces located between the incisal surface 

+10.5mm and the dental neck 0 one can notice:  

 Maximum stress at the level of the dental 

corona, in the area where the forces have been 

applied;  

 When the horizontal force is excessive, there are 

areas of pressure and tension between the edge 

and the apical areas of the periodontium;  

 It is important to emphasize that high values of 

the orthodontic supraliminal forces induce 

dangerous values of the compression-type stress, 

in the area where these have been applied, in the 

middle of the vestibular side of the upper CI 

(fig. 5, fig. 6);  

 In all cases of strain with values of the 

orthodontic forces having different intensities, 

the area of maximum strain for the tooth is 

located near the point where the force has been 

applied; The strain is a stress reduction-type and 

it grows as the intensity of the orthodontic 
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forces grows; 

The distribution of the equivalent tensions 

according to Von Mises indicates, in the case of a 

force with 5N intensity, the same significant stress 

areas as for a force having an intensity of 1N, but at 

much higher values (fig. 5). 
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ABSTRACT 

The paper presents a practical method of optimizing type, dimensions and position of 

perforations for shelf ready packaging. The optimization criterion is the box compression 

test, in accordance with the ISO 12048:1994(E) international standard, which assesses 

the performance of a package in terms of its strength or the protection it offers to its 

contents when it is subjected to compressive forces. The exemplification is performed on a 

shelf ready box on corrugated board, material type 211.5E, using the box compression 

tester MESSPHYSIK ALPHA 50. 

Keywords: packaging, optimization, corrugated board, box, compression test  

 
1. Introduction 

Nowadays, the complete supply chain, from the 

producer to the final consumer imposes to corrugated 

board boxes to be suitable for storing, shipping and 

displaying in the sale points [1].  

In order to correspond to this versatility, 

corrugated board packages have to be provided with 

perforations which allow the rapid metamorphosis 

from a storing and/or shipping packaging, into a 

display (figure 1. a. and b.), the so called shelf ready 

packaging [2]. On the other hand, perforations 

weaken compression strength of the corrugated board, 

with a value depending on their type, dimensions and 

position.

 
 

Fig. 1 - Shelf ready packaging 

Therefore, performing box compression tests in 

order to get the optimum shape and dimensions of the 

boxes becomes mandatory. 

In accordance with the ISO 12048:1994(E) 

international standard [3], the test is used to assess the 

performance of a package in terms of its strength or 

the protection it offers to its contents when it is 

subjected to compressive forces.  

A test may be performed either to as a single test 

to investigate the effects (deformation, collapse or 

failure) of compression or stacking, or as part of a 

sequence of tests designed to measure the ability of a 
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package to withstand a distribution system that 

includes a compression or stacking hazard.  

The test may also be used as a stacking test to 

investigate performance under particular conditions 

of loading, as, for example, when the bottom package 

in a stack rests on an open-decked pallet [4]. 

 

2. Principle, apparatus, procedure and theory 

of the compression test 

The test package is placed between the platens of 

a compression tester and either: 

a) in the case of a compression test, a load is 

applied until failure occurs or predetermined 

values for load or displacement are reached; 

or 

b) in the case of a stacking test, a 

predetermined load is applied for a 

predetermined time or until failure occurs. 

The compression tester, motor-driven, platen-

type,is capable of applying load through uniform 

movement of one or both platens at a relative speed 

of 10mm/min  3mm/min., dimensioned so as to 

extend over the whole area of that side of the test 

package or interposed devices with which it is in 

contact. 

Wherever possible the test shall be carried out in 

the same atmospheric conditions as used for 

conditioning (23 g Celsius and 50% humidity) [5]. 

The load is applied by the relative movement of 

the platens at the appropriate speed, in such a way 

that peaks in excess of the predetermined load do not 

occur, until predetermined value is reached or until 

collapse occurs, whichever is first. If collapse occurs 

first, one must record the value of the load reached. 

In real operating conditions, compressive strength 

of boxes is reduced due to the following reasons: 

- the box content exercises forces that 

determine the wall deformation to outside 

- compressive forces are acting on the boxes 

for long periods (weeks-months) 

- during manipulation and shipping the boxes 

are exposed to vibrations, shocks or different 

strokes, also air parameters are variable, so 

that moisture equilibrium of the box changes 

relatively frequent 

- during storage, compression forces are not 

uniformly distributed on the surface of the 

box  

throughout the perimeter of the box. When load 

increases, a first critical point is reached (point "a", 

Figure 2.). At this point the walls of the box are 

elastically deformed to the outside, while the corners 

remain unaffected [5, 6]. 

Compressive forces are concentrated towards the 

corners of the box, which will be more affected than 

its sides and when the second critical point "b" is 

exceeded, the corners begin to crush. When reaching 

maximum load, the point "c" of the stress-strain 

diagram, sides are folded and edges are crushed [7].  

Consequently, the resistance of a box is given 

both by the corrugated board stiffness and edgewise 

compressive strength. 

The values of compressive strength of boxes can 

be determined by calculation, if we know [8, 9]:  

- the Edgewise Compression Strength, 

obtained after tests  ECT [kN/m] 

- the corrugated board stiffness bS , on 

machine direction  bMDS and on cross-

machine direction  bCDS [Nm] 

- the perimeter of the box, Z [m]  

These parameters compose the McKee's well-

known equation which has the general form: 

 1 2 1

1 Nb b bBCT k ECT Sb Z      

For the particular case of corrugated board boxes, 

McKee's formula becomes: 

 0.75 10.25 0.5

1 NBCT k ECT Sb Z    

where: 

 N mMD CDSb Sb Sb    

A simplified practical form of McKee's formula, 

applicable to corrugated paperboard is: 

 0.5 0.5

2 NBCT k ECT T Z     

 

 
Fig.2 - Theoretical stress-strain diagram 

 

3. Experimental results 

Tests were carried out using the MESSPHYSIK 

ALPHA 50 BCT tester, presented in figure 3. 

Test parameters are: 

0BN .......................Batch number 

maxF ......................Maximum load 

"M ........................Strain at compressive strength 

FB .........................Breaking load 

t .............................Test duration 

maxsF ....................Stroke at maxF  

sB ..........................Stroke at break 

The test reports give several statistic results [10-12].  

The mean value is in this case the arithmetic 

mean, which for a data set represents the sum of the 

observations divided by number of observations. 

In probability theory and statistics, the median is 

described as the number separating the higher half of 

a population from the lower half. If there is an even 
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number of observations, the median is not unique, so 

one often takes the mean of the two middle values. In 

our case, the median is the geometric mean of the two 

middle values. The median is less sensitive to 

extreme scores than the mean and this makes it a 

better measure than the mean value income, 

especially for highly skewed distributions. 

The range is the length of the smallest interval 

which contains all the data. It is calculated by 

subtracting the smallest observation from the greatest 

and provides an indication of statistical dispersion.  

 
Fig. 3 - The BCT machine 

 

The standard deviation is a measure of the 

variability or dispersion of a population. A low 

standard deviation indicates that the data points tend 

to  

 

be very close to the mean, whereas high standard 

deviation indicates that the data are spread out over a 

large range of values.  

Standard deviation is commonly used to measure 

confidence in statistical conclusions.  

The standard deviation is calculated as:  

 
2

1

1 N

i

i

x x
N




   

We take the example of the box presented in 

Figure 1. The developed diagram of the box is 

presented in Figure 4. 

The results of the tests performed on the different 

boxes without perforations (dotted lines on figure 3) 

are presented in table 1 and in the graphs depicted in 

Figure 5.  

It can be seen from the graphs that the shape of 

the practical curves is quite different from the 

theoretical one in the sense that the critical points are 

not easily discernible. 

 

 

 

 

 

 

 

 
Fig. 4 - The developed diagram box  
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Table 1. Compression test report of the box without perforations 

 

 
 

 

 

 

 
Fig. 5 - Box compression tests graphs
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In order to optimize the compressive strength of 

the box we performed BCT tests repeated for ten 

different boxes and for several types, dimensions and 

positions of the perforation. 

 
4. Conclusions 

The statistical results of the tests give rise to a 

range of interesting conclusions in terms of 

optimizing perforations. 

The most resilient box has been demonstrated to 

be the one without perforations, but such a box is not 

really a shelf ready packaging box. 

On the other hand, from the range of the 

perforating boxes, the best behavior has been 

registered to the box having 2x2 mm perforations in 

position B (i.e. 45 mm from the bottom edge of the 

box). 

From the point of view of the maximum load, the 

median diminishes only with 0,101 kN comparative 

with the box without perforations and the mean value, 

that takes account of the extreme scores, only with 

0,082 kN. In both cases the standard deviation has 

been almost the same. The other test parameters: 

strain at compressive strength, breaking load, stroke 

at maxF  and stroke at break have been superior in 

this case either.  

In conclusion, it can be said that BCT in the 

design stage represents a very important issue in 

optimizing performances for a corrugated board 

packaging. 
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ABSTRACT 
In the extrusion, big friction forces rise between the tool and the semi - product, which 

worsen a great deal the parameters of the material's plastic deformation process. In 

order to diminish the unwanted effect of friction in the extrusion processing, the authors 

have conceived special and original equipment, with whose help the friction force is 

acting towards the active one. The paper presents experimental research regarding the 

ways of improving the extrusion process parameters, under the conditions of using 

respective equipment. 

 

Keywords: metal extrusion, plastic deformation, active friction forces, diagrams for 

variation of force, energetic parameters.  

 

1. Introduction 

The extrusion process assures a high 

productivity, a high degree, due to hardening of 

the extruded material the manufactured parts 

show higher mechanical characteristics. In order 

to turn to good account these advantages, lately, 

possibilities of diminishing the friction forces are 

studied, which have a bad influence upon the 

extrusion process and the balance sheet of the 

consumption energy [1], [2], [5], [7], [8], [10], 

[13], [16].  

In order to diminish the influence of friction 

forces, have been tried various methods as: the 

use of high pressure resistant lubricants, the use 

of solid lubricants by phosphating or oxalating 

the semi - products, the use of ultrasounds. In all 

cases and in others similar to them, the 

improving of friction conditions has been 

succeeded. However, the friction forces have 

remained with big values. 

 

2. Theoretical considerations 

Searching for new methods of diminishing 

the extrusion force it has been found out [1], [2], 

[3], [4], [6], [9], [15], [17] that friction forces 

can become active and can contribute to the 

material's deformation process if the extrusion is 

done with a mobile die (fig.1).  

For VD=0 there is a classical direct extrusion, 

for 0<VD<VP direct extrusion with active friction 

forces with the Vpr ,VD=VP classical inverse 

extrusion, for VD>VP inverse extrusion with 

active friction forces. 

 

 

Fig. 1 - Extrusion with a movable active plate 

 

By moving the die together with the extruded 

billet with the rate VD>VP, the sense and 

direction of the friction forces coincide with 

those of the displacement of the material that is 

being deformed. This way, the friction forces 

between the die and the billet become active they 

don't oppose to the material's flow anymore, on 

the contrary, they favor its deformation, thus 

improving the parameters of the extrusion 

process. 

 

The theoretical research carried out [1], [5],  

[6], [8], [11], [12], [14] confirm the 

improvement of the main parameters in 

extrusion with a movable active plate. 
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3. Experimental researches 

Further on, is presented the experimental 

verification of theoretical results regarding 

diminishing of force, pressure and mechanical 

work required in case of extrusion with using the 

friction force as active force.  

For this purpose, was made the experimental 

stand showed in fig. 2. Device 2, used for 

experimental testes, builds on principle showed 

in fig. 1. It is action by test machine clamping 

dies 1 and 3 permit extrusion with fixed active 

plate and with mobile active plate. 

 

 
 

Fig. 2 - Experimental stand for force 

determination 

 

In fig. 3 is more detailed - presented device 

2. The die 1 is set in motion by the crank shaft 2 

driven by 3. The variation of force required for 

extrusion is read on machine’s graduated dial 4, 

and is plot on scale paper as a function of work 

displacement, using recording device 5.  

Extruded parts used were made by AlMgSi 

and CuSn6. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 
  

Fig. 3 - Device for extrusion with mobile die 

 

Pressure required for extrusion of these 

materials is under 150 daN/mm
2
, and for 

lubrication was used substantial oil. For this 

reason, was considered that, experimental testes 

was made with a friction coefficient between 

part and active plate, having a average value  

m= 0,1 [8]. 

In this phase of research the purpose is the 

experimental determination of force required, as 

a function of ratio between of force required, as 

a function between active plate and extrude 

material velocities r = VD/Vpr.  

With the help of experimental stand showed 

in fig. 2 was extruded parts made by above-

mentioned materials. The tests were performed 

for fixed active plate (r = 0), as well as for 

significant values for ratio between active plate 

and extruded material velocities  

(r = 0.5, 0.9, 1.1, 1.5, 2).  

Also, was used parts having the same height, 

Hs = 12mm and the same diameter D = 16mm, 

and force was measured at a punch displacement 

hc=6mm. Different degrees of deformation were 

obtained by changing the punches and so, were 

achieved  = 0.30,  = 0.47. 

Experimental researches obtained in above-

mentioned conditions were centralized in table 1. 

It is to mention that the values presented in the 

table are average values. 
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Table 1 - Values of force required for 

extrusion with mobile active plate 

 

 
 

 

Using the values presented in table 1 was 

plotted in fig. 4, the diagrams for variation of 

force required for extrusion with using active 

friction. So, in fig. 4a is presented the 

variation of force for AlMgSi and in fig. 4b 

for CuSn6. 

 

 

 
 

a. 

 

b. 

 

Fig. 4. - The diagrams for variation of 

force required for extrusion with using 

active friction 

 

4. Conclusions 

Analyzing the results we can conclude: 

- once the parameter "r" raises, the 

influence of active friction forces 

becomes majoritar, and thus the 

necessary force for inverse extrusion 

drops exponently. 

- force required for extrusion with 

using active friction, present 

minimum value when velocities 

rapport r1, indifferently by 

extruded material and degree 

deformation; 

- for values of rapport r  1, required 

force is always bigger than in the 

classical extrusion; 

- from these stated above, we can 

conclude that the force and 

mechanical work necessary for 

inverse extrusion with the active use 

of the friction forces has minimal 

values for r 1; 

- decreasing of force required for 

extrusion with using active friction in 

favorable conditions (r = 0.9), was 

proved to be until 15%, comparatively 

with classical extrusion. 
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ABSTRACT 

For the purpose of finding solutions to optimize the classical involute profile, usually 

used for cylindrical gear, the present study aims as research direction, to modify that 

profile for improving the overall performance of gears. Gear optimizing will be made 

using advanced methods of calculation. 

Keywords: cylindrical gears, modified profile, optimization, computer aided analysis 

 
1. Introduction 

Throughout the world, becoming more gears are 

manufactured by injection mold plastic, metal powder 

sintering or by cutting metal. Therefore, restrictions 

which are increasingly more can be forgotten since 

the beginning of the project, when gears are made by 

traditional methods of cutting and grinding. 

Therefore, use computer programs is heady 

necessary, because bring a clear support in process 

design, in the decrease time and cost of designing and 

implementing a project. 

Thereby, opens up new possibilities for 

optimizing gears, endeavoring at a wide range of 

improvements: reducing noise, increasing of lift gear 

characteristics. With adequate support came from the 

calculation and optimization software for gears, this 

improvements will can be made without any problem. 

This opens new horizons for improving gears. 

In the future will be enhanced following trends 

(visible even today): 

• more metals will be replaced with plastic 

material; 

• significant reductions in noise and vibration of 

gears; 

• characteristics improvement (design of small 

gears but with the same or even higher performance 

than traditional gears); 

• the use of specific forms of teeth. 

 

2. Addendum optimization 

Safety factor against bending strength increases 

significantly if the connection radius of involute tooth 

addendum is substantially increased (modified). Even 

if gear cutting have carefully rounded edges, 

manufacture of gear using the generation methods by 

rolling, does not guarantee getting a good tooth fillet 

radius. 

The safety function can be substantially improved 

by a change of profile, which will be conducted 

outside the involute. Using software to calculate and 

determine the stress, improvements can be checked 

directly. 

It is clear that the geometry of the tooth, affecting 

the strength of the tooth and as a result we need an 

optimization of the addendum. As a condition it’s 

require increasing tooth resistance. If tooth fillet it’s 

made with non-standard curves, where it is desirable 

to study addendum stress, not be neglected graphical 

methods of analysis. 

They will be examined three types of fillet: 

• fillet with r
*
fP = 0,38 

• fillet with r
*
fP = 0,45 

• fillet optimization (elliptical) 

 

 
Fig. 1 – Reference profile of gear [7] 

 

According to ISO 6336, the critical cross section 

in the tooth root can be found via the 30° tangent of 

the root contour. YF and YS are then calculated as 

shown in formulas (1) and (2) respectively: 
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  (1) 

 

 (2)

 
 

The resulting root stress is then calculated 

according to formula: 

 

 (3)
 

 

 
Fig. 2 – Calculation of root stress according to ISO6336 

[8] 
 

If the tooth base geometry is change, the point 

defined above may not be the point where tension is 

highest. 

 

3. Strength rating according to ISO6336 

First determine of the safety factor will be in 

ISO6336, method B. In this case, a standard reference 

profile (1.25 / 0.38 / 1.00) according ISO 53.2. Profile 

A is used. 

 

 
Fig. 3 – Initial settings according to ISO 6336, method B 

 

The next step is setting a different value of the 

radius of fillet, r
*
fp = 0.45. It will repeat all previous 

steps, resulting from the performance calculation 

following report: 

 

 
Fig. 4 – The value of safety factor, geometric, r*fp =0.38 

 

 
Fig. 5 – The value of safety factor, geometric, r*fp =0.45 

 

It is noted that the value of safety factor increased 

with increasing radius of fillet 

 

 
Fig. 6 – Superimposed representation of the two  

profiles 
 

4. Strength rating using graphical method 

The possibility to setting the gear is an undeniable 

advantage when trying to design an optimal gear. 

Enabling graphical method is performed as follows: 

 

297 

 



 

 

 

 
Fig. 7 – Enabling graphical method 

 

 
Fig. 8 – Safety factor, r*fp = 0.38, graphical method 

 

 
Fig. 9 – Safety factor, r*fp = 0.45, graphical method 

 

Still trying to improve tooth resistance to requests 

by involute connection with an arc of ellipse in the 

base at the tooth. 

 

 
Fig. 10 – Optimized fillet 

 

 
Fig. 11 – Superimposed representation of the three 

profiles 
 

Profile of basic rack that will process the toothed 

wheel which was amended in the addendum of tooth, 

there isn’t one standard and therefore it’s 

recommended designing such tools only for large 

production. These things have a financial 

justification, because the total costs of achieving 

those rack is reduced. 

 

 
Fig. 12 – Basic rack 
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Fig. 13– Optimized gears 

 

5. Conclusions 

It is clearly visible that by optimizing the 

geometry of the tooth, the factor of safety against 

breakage by bending can be increased by 15%. The 

only problem would be that, for processing the teeth, 

it takes a special tool (modified gear hob) so will only 

yield to large batch production. 

 
Table 1 - Value of factor safety 

 

 
 

References 

 

[1] Bolos, V., Bolos, C. (2001), Aspecte privind 

geometria angrenajelor cilindrice cu profilul 

danturii de tip Concurve, Buletinul Stiintific al 

Universitatii “Petru Maior”, Targu Mures. 

[2] Petra, C. (2007), Spur gears with modified tooth 

profile for providing constant relative curvature 

– Determining the path of contact, Proceding of 

the 8-th International Conference MTeM, Cluj-

Napoca,4-th - 5-th October, pp 367- 371. 

[3] Petra, C. (2007), Spur gears with modified tooth 

profile for providing constant relative curvature 

– Determining the line of action, 

Interdisciplinarity in engineering – INTER-ING, 

Târgu Mures. 

[4] Petra, C. (2005), Consideration concerning 

radius of curvature in contact of mating flanks 

of spur gears, Proceeding of the 7-th 

International Conference MteM, Cluj- Napoca, 

pp 93- 96. 

[5] Donin, R. (2001), Contributii la generarea 

danturii rotilor cu profil ne-evolventic. Phd 

Thesis, Universitatea „Transilvania” din Brasov. 

[6] Florea, R. (1997), Contributii la proiectarea 

angrenajului optimal, Phd Thesis, Universitatea 

„Transilvania” din Brasov. 

[7] ISO 6336-1:2006, Calculation of load capacity 

of spur and helical gears - Part 1: Basic 

principles, introduction and general influence 

factors. 

[8] ISO 6336-3:2006, Calculation of load capacity 

of spur and helical gears –Calculation of tooth 

bending strength. 

 

 

 

299 

 



 

The 4
th

 edition of the 

Interdisciplinarity in Engineering International Conference  

 “Petru Maior” University of Tîrgu Mureş, Romania, 2009 

 

 

 

 

 

 

 

INTERFACE FOR MANIPULATION OF THE 3D VIRTUAL 

OBJECTS IN THE TRAINING ACTIVITIES TO DISCIPLINES 

OF APPLIED MECHANICS 
 

Ionel STARETU
1
, Cristian DUDULEAN, Florin GIRBACIA 

Transilvania University of Brasov 

Brasov, Romania 
1
staretu@unitbv.ro 

 

ABSTRACT 

The paper first discusses issues regarding training in mechanical design using CAD 

software to develop the geometric model of the components, the simulation possibilities of 

functioning in the case of the model developed, when it may become part of a virtual 

setting. In the second part in the paper we present in brief the reasons for the introduction 

of virtual reality with immersion in the processes of theoretical and practical training in 

mechanical disciplines. There are some considerations on the methodological 

implications and we propose an extension of the model Wegener. We describe a pilot 

station which is in progress to test the use of virtual reality in the training activities 

concerned. We present the first achievements in this direction namely: proper populating 

of the virtual setting, interconnection of Cyber Glove gloves with the virtual setting and 

manipulating of virtual parts for visual observation and simple assembly operations. 

Keywords: virtual reality, interactive applied mechanics, CAD, interface 

 
1. Introduction 

Major challenges in the educational process are: 

first getting as fast as possible to an appropriate 

competency corresponding to requirements of various 

activities on the labor market, in continuous 

diversification and increase of the degree of 

complexity, and on the other hand permanent 

modernization of methods, techniques and equipment 

used in the instructive educational process [1,2]. 

These requirements are of great importance in the 

training of technicians at the high school level, 

respectively of the specialists - engineers at the 

university level, particularly in advanced technical 

specialties: mechatronics, automation, electronics, 

etc. In this context, due to increased requirements for 

skills in these areas, it is necessary to introduce 

methods, techniques and equipment of last 

generation. 

These are necessary because the modern 

engineering, respectively re-engineering are so 

specialized and so complex products that it is difficult 

for one person or team to design a product and the 

general practice of design – re-design has imposed as 

a generalized manner the use of the computer, the 

software acting as the catalyst that revolutionized this 

process. Initially the computer was used for the 

design, technology that later became computer aided 

design (CAD). Subsequently there were created 3D 

representations of references that are part of the 

products composition. The next phase was the 

takeover of these models and their execution on 

numeric command machines, and finally their 

processing on machines assisted by the computer. 

An effective solution, modern and of perspective, 

concerning the issues shown, could be the use of 

virtual reality in education. It is clear to most experts 

that the future belongs to 3D interfaces, hesitations 

being related especially to the cost of the equipment 

and its quality (resolution, response time, etc.). 

 

2. Basic Concepts on the use of Virtual Reality 

in Teaching Activities 

Based on what has already been achieved until 

now it is considered that the use of virtual reality 

methods add value to traditional learning methods in 

the classroom, first by the fact that participants face 

specific learning / training situations required by the 

application producer, his ultimate goal being to 

improve methods of learning, training and education 

[3]. 

Virtual reality in teaching involves several 

aspects, namely: 
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- Developing a pedagogical model; 

- Specifying hardware and software technologies 

necessary; 

- Developing a guide to design applications for the 

professor; 

- Developing a user guide for the applications; 

- Developing assessment instruments. 

The pedagogical model, specific to learning 

through virtual reality must be conceived in cognitive 

and affective terms so as to transmit the user: 

- the level at which he is; 

- the skills they need to practice; 

- the possibility that through repetition and 

practice in the virtual environment to acquire skills, 

abilities, new attitudes and competences; 

- learning opportunity in their own pace. 

The applications designed will be oriented to 

technical skills or the ability of the standard of 

professional training which the student is going to 

master. It thus allows the development of 

standardized software packages that appear with 

intelligent tutorials for training and evaluation. The 

role of the teacher in the classroom acquires in this 

way a plus in the partnership plan and of guidance of 

the trained one. 

Extremely important is the timing since the 

teacher’s intervention is needed and what is the 

teacher’s role in the application. The compliance with 

the aspects shown will provide an understanding of 

learning through virtual reality and will ensure the 

acquiring of the competences envisaged [3]. 

As a training process in which the computer is 

involved, teaching applications with virtual reality 

techniques, in that regard should be integrated into 

theories and models of computer-assisted instruction. 

Specialty literature provides a rich bibliography in 

this regard [4]. There are a multitude of names and 

terms, the dominant being the acronym CBT 

(Computer Based Training) of the model proposed by 

Wegener [5], see Fig. 1. 

A key step in learning CAD design of mechanical 

- mechatronic products is modeling and simulation of 

mechatronic – mechanical systems, including exact 

geometric modeling of the components, restrictions 

and conditions of service. 3D geometric models can 

be classified as follows: 

- Oriented on edges (wireframe); 

- Oriented on surfaces (surface model); 

- Oriented on volume (solid model). 

Solid models are calculated by the following 

techniques: 

- Constructive solids geometry (CSG); 

- By borders (B-rep); 

- By spatial enumeration (octree ...); 

- By sweeping, etc. 

- Analytical (ASM - Solid Analytic Model); 

- Parametric / procedural. 

The shape of geometric patterns is based on a set 

of elementary forms – prism, cylinder, cone, and 

sphere – from a combination of whom (by Boolean 

operations) we obtain the desired result. These forms 

are called primitive and can be found in any CAD 

system that allows 3D modeling. 

 

 
Fig. 1 – Wegener CBT structure chart 

 

Modeling usually begins by exact geometric 

modeling of the system components. For this we use 

CAD software that allows modeling (3-D), of 

components forming the mechanism, for example, 

SolidWorks, Catia, Pro/engineer, SolidEdge etc. We 

presented in Figure 2, the geometric model of a gear 

mechanism developed in SolidWorks [6]. 

 

 
Fig. 2 – Gear mechanism 

 

First, each component was modeled in part after 

that they were assembled. The software allows both 

the realization of the assembly of the mechanic 

system components and their exploding, i.e. the 

deployment of each component separately to suggest 

assembly. 

Once the geometric modeling completed, we pass 

to the design of a control system (mechanical, 

hydraulic, pneumatic, and electric) that will finally, 

through a simulation, analyze how each component 

affects the operation and the way it interacts with 

other parts. From one stage to another of the process 

we use more software: e.g. for geometric modeling 

SolidWorks, to achieve control and command 

Simulink, and for simulation and visualization - 

virtual reality techniques. 
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3. Modeling the Dynamics of the Mechanical 

System 

To study the behaviour of the model under real 

operating conditions it is necessary its dynamic 

modeling. The software used is Matlab (Simulink), 

whose module Simmechanics allows the dynamic 

modeling of the CAD models developed in 

SolidWorks. To do this, in advance is required to 

export the CAD model to Simmechanics with the 

program Simmechanics - CAD - Translator. The 

model is developed using the method of multi – body 

systems according to which the model is composed of 

bodies linked by joints. 

The model Simmechanics equivalent to the 

geometric model will contain bodies linked by joints, 

coordinate systems attached to each body, and their 

constraints. Each body corresponds to a block 

element, and Simmechanics blocks can be connected 

to Simulink blocks so that the result can be saved and 

reused in various fields. To create the model 

Simmechanics we list the weight characteristics for 

each body and the characteristics of each link defined 

in SolidWorks assembly.  The listing is saved in an 

XML file Simmechanics. 

This file enables the automatic creation of an 

appropriate model Simmechanics through a Matlab 

command. After creating the automatic model 

Simmechanics it can be verified by running a 

simulation. Note that not all models can be 

transformed because of the restrictions of SolidWorks 

elements. 

 

4. Making Simulations in Virtual Reality 

Viewing the simulation in Simmechanics does not 

offer quality; therefore a solution of viewing is virtual 

reality. For this, Matlab has the Virtual Reality 

Toolbox module which allows views and direct 

interactions with the dynamic model. The modules 

MATLAB ® and Simulink ® combined with virtual 

reality graphics can control position, rotation and the 

scale of the images defined in virtual reality, the 

result being a quality 3D animation. 3D scenes are 

described in VRML language. Geometric patterns 

made in SolidWorks can be saved directly into the 

VRML format, the software enabling that in Fig. 3. 

In the window of Fig. 3, from the button Options 

we will select VRML97, and as unit of measure – 

“meters”. The file generated is text like, so its 

contents can be viewed with any text editor. 

Having the model Simmechanics and the virtual 

scene complete, the next step is coupling the model to 

the virtual setting to create a realistic animation of 

high quality. To this it is added an additional 

coordinate system to each of the bodies represented in 

the model Simmechanics. The new coordinate system 

has the origin in (0, 0, 0) and it is defined reported to 

the universal system of coordinates (WCs). 

The signal generated is collected and provides 

information about the position and the rotation 

corresponding to the body in WCs. Positions and 

rotations are measured based on the virtual setting. 

Therefore, the next step is to connect one sensor for 

each of the points and elements created (Danek 

2007). 

 

 
Fig. 3 – Saving SolidWorks model in VRML format 
 

The output of the Body Sensor block contains the 

matrix of position and rotation of the item, which will 

be transformed into an axial-angular shape which 

VRML uses to define the position of bodies. 

Transformation is achieved by using blocks of the 

Virtual Reality Toolbox library. The final step is 

coupling the model Simmechanics to the Virtual 

Reality setting using the VR Sink block of Virtual 

Reality Toolbox. Once the connection made, the 

simulation can be started and the animation can be 

seen in Fig. 4. 

The Simmechanics model and the simulation in 

Virtual Reality Toolbox provide information on the 

dynamic behaviour of the mechanical components. 

Simmechanics model also can be used to design 

command items of the mechanical components of the 

model or for modeling in other areas. For example, a 

controller can be implemented on a hydraulic drive or 

an electric motor. 

Correspondingly, Matlab provides the modules 

Simhydraulics, Simpowersystems and Simdriveline 

allowing modeling in different areas and simulation 

of the result in the Simulink environment. 

 

 
Fig. 4 – Saving SolidWorks model in VRML format 
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To improve the possibilities of handling the model 

and navigate on the virtual setting one can add to the 

system hard elements of virtual reality specific view. 

 

5. Specific aspects for use of virtual reality in 

didactic activities 

Compared with the CAD solution and its 

corresponding Computer Based Training - Wegener 

model and its components, it should be made clear 

that virtual reality does not share simple quantitative 

3D equipment (gloves, goggles, headphones). By the 

fact that virtual reality is a computer generated 

environment where by immersion in the trainee 

performs activities in real time, without having 

contact with the external environment, the 

characteristics of such a system will be different from 

the training systems assisted by CAI type (Computer 

Assisted Instruction). Even working manners differ, 

not necessarily by name, but especially by essence. 

Computer-assisted instruction systems in Wegener 

model are non-immersive applications for desktop, 

with interactivity degree at the level of the mouse, 

joystick, and the more sensitive screen. 

So, to those shown, applications with virtual 

reality techniques fall at least into one Wegener 

extended model, if not the model itself, to reflect the 

characteristics mentioned , see Fig. 5. 

Specific modes of computer training through 

virtual reality have different characteristics [7, 8, 9, 

10]: tutorial, exercise, educational game, modeling, 

simulation and solving problems should be adjusted 

to reflect the specific virtual reality. Also learning 

activities are different from one style of learning to 

another and must allow applications meet this 

requirement [11]. 

 

 
Fig. 5 – Extended Wegener structure chart 

 

6. Training Pilot Station Using Virtual Reality 

- Partial Achievements 

To introduce virtual reality in training for the 

disciplines of applied mechanics in the curricula of 

technological high schools, as a first step, it is 

proposed a pilot station [12], a corresponding 

teaching documentation and the approach of the 

appropriate steps needed for approval and 

implementation of this procedure. 

The structure of the pilot station consists of an 

HMD, or for the beginning a pair of stereoscopic 

glasses, a pair of gloves, CYBER GLOVE type, the 

proper interface between them and the virtual 

environment (VRML), a computing system and the 

corresponding software. In Fig. 6 it can be observed 

the CYBER GLOVE and the hand in the virtual 

setting, interconnected by the corresponding 

interface. 

 

 
Fig. 6 – The CYBER GLOVE and the virtual hand 
 

For a good operating, the software system 

developed must be capable to synchronize data 

transmitting to all the computers used for 

visualization, both those that describe the virtual 

scene and those related to the user’s interaction with 

virtual environment, leading to an extreme 

complexity. 

 

 
Fig. 7 – Tree – like structure of the VRML file 

 

For communication between client applications in 

virtual collaborative environment, there are used 

communication protocols TCP / IP and UDP (User 

Datagram Protocol). For the development of software 

modules of the VR interface, it was chosen an 

advanced programming language that allows 

portability of data, communication with other 

software systems and use of SDK libraries (eng. 

Software Development Kit), i.e. C + + language. To 

the representation and view of the virtual models in 

the VRSolid system it has been decided to use the 

VRSolid language VRML(Virtual Reality Modelling 

Language) because it is the format the most often 

encountered in applications of VR, being 

standardized under ISO / IEC 14772. VRML 

language is modular, with a hierarchical tree structure 

of entities, allowing the creation of 3D settings in 

which the user can move freely, see Figure 7. VRML 

files must begin with the # VRML V2.0 utf8followed 
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by the structure of nested nodes. Below it is presented 

the structure of a VRML file for a cylinder shape and 

its tree-like structure (see Fig. 7). 

 

7. Experiment 

The objective of this experiment is to evaluate the 

effectiveness of manipulation of virtual models using 

metaphors of interaction RV, first person in an 

immersive virtual environment. 

For this experiment we have used several virtual 

objects: a bearing, a parallelepiped, a cube, a screw, a 

toothed wheel, a spindle, two nuts, 3 boxes for storing 

items. The objects were placed on a virtual table ( see 

Fig. 8). On the table there were represented reference 

positions for models represented by virtual boxes. 

The user had to translate and rotate patterns in these 

positions respectively. Models have been developed 

using SolidWorks program and imported in VRML 

format within the software developed. 

The problem subject to resolving was to achieve 

the positioning and rotating of objects in three-

dimensional space using RV equipment and 

assembling a bearing on a spindle. Through gloves 

with sensors one identifies the user's hand gestures; in 

this case the issue is gripping and releasing a virtual 

model, thanks to the software module for the 

recognition of gestures. 

 

 
Fig. 8 – Virtual environment used for prehension testing 

 

The tracking module for the motion allows the 

detection of the collision at some time between the 

virtual hand and another object in the virtual 

environment. If it is determined a collision with a part 

of the virtual environment, and a prehension gesture 

is determined at same time that item is attached to the 

virtual model of the hand (see Fig. 9). This implies 

the possibility to manipulate a virtual object 

depending on the user's hand movements. When the 

user releases the model, the application recognizes 

this gesture, and the item is fixed in its new position 

and orientation. In this way, the user can change the 

orientation and position of all the component 

elements of the virtual environment in real time. 

 

 
Fig. 9 – Manipulating virtual models 

 

For assembling a bearing on a shaft, in a first 

stage the user should select the shaft, and then 

tapping the thumb with the forefinger of the 

FakeSpace glove will grip that object with the left 

hand. After gripping through an optical device for 

movement tracking with six degrees of freedom, the 

user can manipulate the shaft. In the next stage he 

will select the bearing and through the CyberGlove 

will send a gripping command to it, see Fig. 10. 

After gripping through the optical device for 

movement tracking with six degrees of freedom, the 

user can assemble the bearing on the shaft. After 

positioning the bearings, the user will forward a 

motion to release the bearing and then he will place 

the outcome on the table by moving his left hand. 

 

 
Fig. 10 – Gripping a bearing with right virtual hand 

 

Furthermore, we will improve these applications; 

we will try to obtain more complex assemblies, 

attesting the acquisition by students of the objectives 

of that activity. Also, there are taken into account the 

adjustments required for training in the disciplines of 

applied mechanics and of students, and as shown, 

finally we seek the approval of this learning – training 

procedure. We can note that currently the 

identification of the peculiarities of training 

application using virtual reality at the subject 

"Systems for transmitting movement" of the curricula 

of technical high schools. 

 

8. Conclusions 

The following conclusions based on those 

presented in this paper one can draw: 

- the involvement of virtual reality techniques in 

teaching is a viable alternative to the need for 
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equipping the laboratories and workshops where 

activities in the area of technical disciplines and 

especially mechanic are performed; 

- deepening the didactic and psychological 

implications, and the correlation between objectives, 

methods and equipment required are imposed as 

absolutely necessary; 

 - technical testing procedures and specific 

methods of using virtual reality in training activities 

in the disciplines of applied mechanics can be done 

successfully through a proper pilot station. 
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ABSTRACT 

In order to counteract the precision alteration that vibrations induce in mechatronic 

system, a simple multimodal compensation method can be applied as described in this 

paper. The reference model based compensator reshapes the original reference signal 

into a more complex one that will be fed to the mechatronic system in order to deter-mine 

the reduction of residual vibrations in the output. Several variations of the initial method, 

such as zero over-shoot, specified overshoot and specified settling time, are described in 

this paper, along with a detailed implementation of a zero overshoot controller for a 5-

DOF system. In order to verify the solution’s robustness, a sensitivity analysis has also 

been provided. 

 

Keywords: vibrations, compensator, 3-dof systems, application 

 
1. Introduction 

The mechanical vibrations have intensively been 

stud-ied both for understanding their behavior [5] and 

to sup-press their undesired effects over the 

mechanical structures [1] [6]. There are of course 

applications in which the con-trolled vibrations are 

intentionally generated, but these are not covered in 

this paper. 

The mechatronic systems have a fundamental 

mechanical component and therefore are also subject 

to vibrations. For this kind of systems the vibrations’ 

effect can severely alter the performance, i.e. 

positioning precision, processing speed etc. 

Many solutions to counteract the vibrations have 

been proposed, starting from purely mechanical ones 

and ending with complex intelligent ones. 

Mechanical vibrations suppression methods 

usually require altering the original structure of the 

system by adding vibrations absorbers, dampers or 

oscillating masses [6]. These devices can have good 

performances but they can also change the original 

performances of the system. They also have very 

limited flexibility, lifetime and usually high 

implementation and maintenance costs. 

With the advent of the electromechanical and 

mechatronic systems variations of the previous 

solutions have been developed, such as the active 

force devices. Their performances are highly 

improved. However, due to their intrinsic mechanical 

components are also subject to fatigue and 

maintenance costs. 

A category of non-invasive techniques has also 

arisen to benefit the computing features of the 

mechatronic systems. The most prominent 

representatives are the command pre-shaping 

techniques such as Posicast [4], input shaping [7] and 

general purpose filter based pre-shaping [3]. These 

methods avoid the problems of the mechanical 

solutions. 

Time delay based methods such as input shaping 

can achieve very good results as show in [8]. 

However, they require a priori knowledge of the 

system’s structure and behavior, thus being sensitive 

to parametric errors. Various improvements of the 

original methods have been introduced to achieve a 

much better robustness [9]. 

This paper presents the design of a reference 

model based vibrations suppression compensator with 

its major flavors: zero overshoot, specified overshoot 

and specified settling time. A detailed application for 

a multimodal sys-tem is also provided along with a 

sensitivity analysis. 
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2. Vibrations suppression compensator design 

The compensator in this paper is a non-invasive 

command pre-shaper that must be inserted between 

the reference signal generator and the original system 

as shown in Fig. 1. It modifies the original reference 

signal r(t) into the compensated signal r′(t) in order to 

ensure the control of vibrations in the system’s output 

y′(t). 

Being a command pre-shaping technique, the 

vibrations suppression compensator design requires 

knowledge about the original system’s structure and 

parameters. 

 

 
Fig. 1 – Compensated system 

 

Regardless of the physical structure of the original 

sys-tem, the model employed for this design uses 

independent second order transfer functions for each 

mode, as represented in (1). 

 

 (1) 

 

where Ki is the gain of the i
th

 mode; ωni is the natural 

un-damped frequency of the i
th

 mode (rad/s); ξi is the 

damping ratio of the i
th

 mode, and i is the current 

mode index. 

Each mode is represented by a second order 

function, therefore in order to obtain the multimodal 

structure of the system, the transfer functions should 

be connected in parallel. This structure is represented 

in Fig. 2. 

 

 
Fig. 2 – Multimodal system structure 

 

The multimodal system’s model H(s) is obtained 

by means of transfer function algebra as the sum of 

the individual modal functions, as shown in (2), 

where n is the number of modes. 

 

  (2) 

 

This ensures the independence of each mode. It is 

interesting to note that this function describe the 

system’s behavior with no regard to its actual 

physical structure. Also, it must be noted that the 

model in (2) is the result of the identification of the 

real system and is not the perfect mirror of the latest. 

In fact, the identification adds parametric estimation 

errors that are responsible for the imperfect 

functioning of the compensated system as shown in 

later chapters. 

The next step of the procedure is to prepare a 

reference model with the desired behavior for the 

compensated sys-tem. This is an ideal and not unique 

behavior having many possibilities to represent it. 

This paper should consider a n-modal transfer 

function Hrm(s) having the same structure as the 

original system in Fig. 2. All the branches of the 

structure are second order transfer functions as in (1), 

and even have the same parameters with some 

exceptions. These exceptions actually give the 

subtype of the compensation, as discussed in the next 

chapter. Choosing such a structure offers stability and 

increases the performances of the overall system. 

Having the identified model of the process and the 

reference model, one can obtain the compensator’s 

transfer function Hc(s) as a fraction between the 

reference model and the identified model, as shown in 

(3). 

 

  (3) 

 

This very simple strategy can be highly effective 

and can have many versions according to the 

reference model. Three of the most important one 

shall be described in the next chapter. 

 

3. Flavors of the vibrations suppression 

compensator 

The most sensitive part in the design of the 

vibrations suppression compensator in this paper is 

choosing the reference model. It defines the behavior 

of the overall system. There is a very wide range of 

reference models that can be used. Three of them 

shall be presented in the following. 

3.1. Zero overshoot vibrations suppression 

compensator. 

To achieve an output with no residual vibrations, 

a reference model has been proposed that has the 

same structure as the original system’s model, even 

the same gains and natural frequencies, but unit 

damping ratios. 

The zero overshoot reference model is described 

in (4). 

 

  (4) 

 

Applying this reference model to (3) results into 
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the compensator transfer function described in (5). 

 

  (5) 

 

3.2. Specified overshoot vibrations suppression 

compensator. 

There are some cases when the zero overshoot 

compensation is not required or even undesired, yet a 

smaller degree of compensation is sufficient. In this 

case, the reference model specifies the desired 

overshoot σi for each mode with the help of the 

damping ratios. This specified overshoot reference 

model is described in (6). 

 

 

(6) 

 

Applying the reference model to (3) results into 

the compensator transfer function described in (7). 

 

     (7) 

 

3.3. Specified settling time vibrations 

suppression compensator. 

For time sensitive applications having the system 

time response set to a precise value is of great 

importance, therefore each mode’s settling time τ i is 

to be obeyed even if there still are residual vibrations 

in the system’s output. In this case, the specified 

settling time reference model is de-scribed in (8). 

 

 
 (8) 

 

Applying this reference model to (3) results into 

the compensator transfer function described in (9). 

 

  (9) 

 

4. Multimode controller design application 

The method previously presented will be applied 

to a 5-DOF mechatronic system. As the physical 

structure of the system is not important, only the 

multimodal structure is detailed in the following. 

Table 1 contains the values of the multimodal 

parameters required by (1) and (2). 

The simulation of the system’s response to 

standard test signals (unit step, impulse and ramp) has 

been made using a custom program implemented in 

the open source technical computing environment 

GNU Octave [2] and shown in Fig. 3 – Fig. 5. 

 
Table 1 - Original 5-DOF system modal parameters 

 
 

 
Fig. 3 – Original system unit step response 

 

 
Fig. 4 – Original system impulse response 

 

 
Fig. 5 – Original system ramp response 

 

 
Fig. 6– Original system response spectrum 
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Fig. 6 presents the original system spectrum with 

the visible dominant modes. 

This application implements a zero overshoot 

vibrations suppression compensator, therefore the 

reference model’s damping ratios are unitary, as in 

(4). The compensator transfer function is given in (5). 

Its response to the standard test signals is shown in 

Fig. 7-10. 

 

 
Fig. 7 – Compensator unit step response 

 

 
Fig. 8 – Compensator impulse response 

 

 
Fig. 9 – Compensator ramp response 

 

 
Fig. 10 – Compensator response spectrum 

After its design, the compensator can be inserted 

be-tween the command signal and the original 

system. Then, the global compensated system can be 

simulated in order to visually inspect its behavior, as 

seen in Fig. 11-14. 

 

 
Fig. 11 – Compensated system unit step response 
 

 
Fig. 12 – Compensated system impulse response 

 

 
Fig. 13 – Compensated system ramp response 

 

 
Fig. 14 – Compensated system response spectrum 
 

The compensated system’s response is smoother 

and does not contain residual vibrations. Some 

numerical figures have also been calculated as a more 

exact analysis is required. From the analysis of the 

original system’s out-put signal, the overshoot σ and 
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settling time τ have been obtained as described in 

(10). 

 

  (10) 

 

The same analysis has been made for the 

compensated system and the results are given in (11). 

 

  (11) 

 

These numerical results show an improvement of 

100% in the output overshoot and of 82.04% in the 

output settling time. This is a confirmation of the 

expected result of complete elimination of the 

residual vibrations. 

However, the method in this paper assumes that 

the original system’s model is perfectly known. In the 

real life it is impossible to perfectly identify the 

multimodal parameters. An error in the parameters 

estimation always occurs. Therefore it is important to 

further analyze the robustness of this solution to 

estimation errors. A detailed analysis of the overshoot 

and settling time evolution with respect to frequency 

identification errors is provided. The horizontal axis 

of the graphics represents the normalized frequency. 

The vertical axis represents either the output 

overshoot or the settling time. 

Fig. 15-19 show the overshoot sensitivity 

simulation for each mode. As seen in these images, 

first two modes are rather sensitive to frequency 

errors. However, if the error is zero (normalized 

frequency 1), the controller ensures zero overshoot, as 

desired. For the higher modes the controller is much 

more efficient even for big errors. 

Fig. 20-24 show the settling time sensitivity 

simulation for each mode. Except for the first mode, 

the settling time is not optimal at zero parametric 

estimation error. Still, its value is low at ideal 

frequency. However, recall that the goal of the 

controller is to completely remove the residual 

vibrations in the system’s output and not to minimize 

the settling time. Even so, the settling time is 

improved for ideal frequencies and has satisfactory 

values for parametric errors, especially for the higher 

vibration modes. 

 

 
Fig. 15 – First mode frequency estimation error 

overshoot sensitivity 

 
Fig. 16 – Second mode frequency estimation error 

overshoot sensitivity 
 

 
Fig. 17 – Third mode frequency estimation error 

overshoot sensitivity 
 

 
Fig. 18 – Fourth mode frequency estimation error 

overshoot sensitivity 
 

 
Fig. 19 – Fifth mode frequency estimation error 

overshoot sensitivity 
 

 
Fig. 20 – First mode frequency estimation error settling 

time sensitivity 
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Fig. 21 – Second mode frequency estimation error 

settling time sensitivity 
 

 
Fig. 22 – Third mode frequency estimation error settling 

time sensitivity 
 

 
Fig. 23 – Fourth mode frequency estimation error 

settling time sensitivity 

 
Fig. 24 – Fifth mode frequency estimation error settling 

time sensitivity 
 

5. Conclusions 

The vibrations suppression compensator in this 

paper is highly efficient in reducing the residual 

vibrations in the system’s output for ideal models and 

has a good behavior in case of parametric estimation 

error. With suitable conversions, it can be applied to 

numerical systems as well, knowing that the 

mechatronic systems are in most cases driven by 

numerical control. 

The zero overshoot version of the method should 

be applied in systems that required fast and precise 

positioning, with no residual vibrations. Of course, 

the inevitable estimation errors will prevent the 

complete elimination of the vibrations. Specified 

overshoot can be employed when a controlled amount 

of residual vibrations is tolerable. Finally, the 

specified settling time flavor can be implemented in 

systems that require strict timing of the operations, 

with less regard to residual vibrations. 

Having an imperfect identification of the original 

system, it is always important to make a sensitivity 

analysis before using the compensator in the real life. 

Such an analysis can show the weak points of the 

strategy or can confirm its suit-ability for the 

considered application. 

Future improvements of the solution should focus 

on improving the original system’s parameters 

identification, as this is the most important source of 

errors in this vibrations suppression compensator 

design method. The algorithm should also be 

improved in terms of robustness. 
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ABSTRACT 

Shape memory alloy has distinctive characteristics such as a shape memory effect and a 

superelastic effect. The material studied in this paper is a Nickel-titanium (Nitinol) alloy. 

NiTi can produce a large force per unit volume and operate with a simple mechanism. 

For these reasons, it has been widely researched for application as an actuator. In this 

study, preliminary research to develop a NiTi linear actuator using a two-way shape 

memory process is conducted, also the Biocompatibility of such an actuator. 

Keywords: Nitinol, shape memory, actuator 

 
1. Introduction 

This paper study ways to obtain a linear actuator 

via the two-way shape memory effect of a NiTi wire, 

and the performance obtained from such an actuator. 

Since its discovery in the early 1960s Nickel 

titanium alloy has been attracting a lot of attention 

due to its mechanical properties, superelasticity and 

shape memory effects. 

Thermoelastic materials are able to adjust their 

properties and shape according to changes in their 

environment: specifically, changes in applied stress 

and temperature. This capability to try sense and react 

to change has often caused these materials to be 

named “smart materials”. NiTi, or Nitinol alloys are 

the most important of the thermoelastic smart 

materials, able to change shape by strains greater than 

8% and to adjust constraining forces by a factor of 5 

times [1]. Success has largely come about by focusing 

on medical applications of Ni-Ti, taking advantage of 

its superelastic properties (cardiovascular, urological, 

tracheal and dental applications) and is rapidly 

becoming the materials of choice for self-expanding 

stents, graft support systems, filters, baskets and 

various other devices for minimally-invasive 

interventional and endoscopic procedures [2]. In 

mechanical engineering are used in rivets, heat 

engines, pipe couplings, fasteners, circuit breakers 

and many actuator applications (were intense and 

often highly secretive). 

Here we will concentrate on study and obtain a 

linear actuator via the two-way shape memory effect 

of a NiTi wire. 

 

2. Nitinol facts used in obtaining the actuator 

2.1. Machining 

Due to its tough titanium oxide surface Nitinol is 

a very abrasive material to machine. Milling, turning, 

grinding are possible with a lot of tool wear. Nitinol 

can be EDM, water jet cut, and laser machined with 

excellent results. 

 

2.2. Cold work vs. Shape set anneal 

Nitinol in the cold work condition is a material 

that has not been subject to a final heat treatment 

(shape set anneal). Nitinol wire typically will have 

30-40% cold work reduction during the last drawing 

steps [3]. The amount of cold work a material had 

prior to its shape set anneal dictates the ultimate 

strength of the material. Once the Nitinol material has 

been shape set annealed it will exhibit the superelastic 

and shape memory properties [4]. Generally the shape 

set anneal is a straightening process performed under 

controlled time, temperature, and pressure conditions. 

This process defines the final mechanical properties 

of the material until it is subject to further processing. 

 

2.3. Shape setting / aging 

Shape setting refers to the process used to form 

Nitinol. Whether the Nitinol is superelastic or shape 

memory, in the cold work or straightened condition, it 
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is often necessary to form the material into a new 

“memory” shape. This is done by firmly constraining 

the material into its new shape in a fixture or on a 

mandrel and then performing a heat treatment. The 

heating method can be an air or vacuum furnace, salt 

bath, sand bath, heated die, or other heating method. 

The temperature range is between 500-550C [5]. 

 

2.4. Surface finishes 

The choice of surface finish will depend on 

performance, cosmetic requirements and to prevent 

corrosion (Fig. 1.). 

 

 
Fig. 1 – Corrosion effect [6] 

 

- Oxide surface - This surface denotes material 

that was annealed in a controlled environment. Oxide 

surfaces are typically very smooth and may be more 

lubricious than other surface finishes. 

- Mechanically polished surface - Nitinol wire and 

strip is abrasively polished to a shiny, bright surface 

prior to straightening. 

- Chemically etched wire - Nitinol wire that is run 

through an acid bath prior to straightening. Etched 

surfaces are typically rougher than oxide surfaces and 

lend themselves to improved coating adhesion. 

- Sandblasted surface - Prior to straightening, this 

surface has a slightly rougher texture and can aid 

polymer adhesion. 

- Electro-polished surface - Nitinol components 

such as stents and filters that are to be implanted are 

usually electro-polished as a final process step (Fig. 

2.). This process creates an exceptionally smooth, 

uniform oxide layer that improves biocompatibility 

[7]. 

 

 
Fig. 2 – Electro-polished surface [6] 

 

- Coatings - Nitnol can be coated with polymers 

such as polyurethane and Teflon [8]. 

- Platting - Nitinol has been successfully plated 

with various metals (gold, silver, copper and nickel) 

[9]. 

 

2.5. Joining of Nitinol 

- Soldering - Nitinol’s tough oxide layer does not 

promote good solder welding. An aggressive flux 

(Indium) is required to remove the oxide, then a 

standard Sn-Ag solder can be used. 

- Welding - Welding Nitinol to itself is usually 

very effective if the weld is protected by an inert 

atmosphere and the heat effected zone is minimized. 

Laser (Fig. 3.), TIG, and resistance welding are 

processes that have been successful.  Nitinol welded 

to dissimilar metals, such as stainless steel, does not 

give acceptable results. 

 

 
Fig. 3 – Laser welded Nitinol 

 

 

- Bonding to other materials using medical grade 

epoxies and adhesives. Mechanical techniques such 

as crimping and swaging are possible. 

 

2.6. Shelf Life 

Nitinol is stable against permanent temperature-

induced metallurgical changes as long as the exposure 

temperature is less than the annealing or ageing 

temperatures 200C to 500C. Nitinol products have 

infinite shelf life under normal conditions [10]. 

 

3. Experimental and Material used 

Research was conducted on  Nitinol wire able to 

change shape by strains greater than 8% and to adjust 

constraining forces by a factor of 5 times. This 

Nitinol wire is a fiber-like drive unit designed to 

contract (tense) and extend (relax) like muscles. The 

key feature of this product is its flexible, smooth 

movements like those of real life and soft and pliable 

like a nylon thread. Under normal conditions, it 

becomes stiff and sharply contracts, when a current is 

fed through it. If the passage of a current is stopped, it 

will soften and extend to its original length. It begins 

to contract when heated to about 60°C [10]. If it is 

cooled to below the temperature, it will return to its 

original length. Because of its stable internal 

structure, has very high durability and exhibits stable 

operating characteristics. Wire diameter is thin but 

capable of producing great forces results a perfect 

candidate for an actuator. 

Physical properties 

Melting Point: 1310°C  

Density: 6.5 g/mm3  
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Electrical Resistivity: 1.65 ohm-cm  

Modulus of Elasticity: 28-41 x 103 MPa  

Coefficient of Thermal Expansion: 6.6 x 10-6/°C  

Mechanical properties  

Ultimate Tensile Strength: 1100 MPa  

Total Elongation (min): 10%  

Shape memory properties  

Loading Plateau Stress @ 3%  

Strain (min): 100 MPa  

Shape Memory Strain (max): 8.0%   

Transformation Temperature (Af): 60°C  

Composition (Meets ASTM F2063 requirements)  

Nickel (nominal): 54.5%  

Titanium: Balance  

Oxygen (max): 0.05%  

Carbon (max): 0.02%  

Transition Temperature Hysteresis 

The temperature difference between a material’s 

phase transformation upon heating or cooling is 

typically around 20-30°C. This spread (Fig. 4.) is due 

to various heat treatments and can shift the hysteresis 

higher, lower, or widen it. 

 

 
Fig. 4 – Hysteresis effect 

 

4. Results and discussion 

4.1. The movement profile under normal 

conditions 
 

 
Fig. 5 – The movement profile under normal conditions 

 

To determine the movement profile, one actuating 

cycle was generated under normal conditions at room 

temperature and small loads. Start and Stop 

represents the moment when current passes through 

wire, resulting in a raise of temperature at above 

60°C. This temperature rise makes the wire to 

contract at its maximum peak level, which 

corresponds to a compression of 1.6 mm / 50 mm. 

When current is maintained at a constant value, a 

deformation of 1.4mm /50mm is present. After 

current stops due to phase transformation another 

peak value is present (Fig. 5). 

 

4.2. The behavior under different current loads 
At different current loads, the movement profile 

reaches its maximum at 125 mA 3V (Fig. 6). This is 

an optimal current load, more current don’t have great 

effect on compression. 

 

 
Fig. 6 – The movement profile under normal conditions 

 

4.3. The minimum cycle duration and the 

fastest cycle rate per minute 
To obtain the minimum cycle duration, first peak 

must be overlap to the final peak level of 

compression. For this, current duration must be 

minimum 1100ms, resulting a 2600ms full cycle (Fig. 

7). 

 

 
Fig. 7 – The minimum cycle duration 

 

By repeating the minimum full cycle on longer 

periods of time, results a maximum of 23 cycles per 

minute (Fig. 8). The maximum cycle rate can be 

enhanced by increasing the current thru wire, and 

reducing the surrounding temperature of the wire. 
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Fig. 8 – Fastest cycle at 20°C per minute 

 

4.4. Behavior in longer periods of time 
Maintaining the current load longer periods of 

time, the movement profile remains constant and no 

major changes appear to the behavior of the wire 

(Fig. 9). 

 

 
Fig. 9 – Fastest cycle at 20°C per minute 

 

5. Conclusions 

The one-way shape memory process requires 

compressive loading and unloading to create residual 

strain. The two-way recovery does not require this, so 

it is more convenient to utilize two-way recovery 

compared to one-way recovery. 

Preliminary research was conducted to develop a 

linear actuator via the two-way shape memory effect 

of NiTi. Compression and recovery tests were 

performed on a 0.15mm thick sample wire. To 

investigate basic compressive properties and 

actuating capacity of this material, test under different 

actuating loads, speeds, and currents ware made. NiTi 

produced actuating moments of approximately 1000 

N, maximum actuating cycle rate was determined at 

23 cycles per minute, maximum current for peak 

compression at 125mA / 3V and maximum 

compression at 1.6mm / 50mm of wire. The behavior 

in time is linear and no important changes veer 

observed. 
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Abstract 

In this work we try to establish the amount of acid (base) and oxidize (reduce) useful to 

bring the polluted water at the optimum parameters regarding the pH and the ionic 

conductivity. The determinations are made on water sample brought of river Mures. They 

are collected from many areas. 
 

Key words: water treatment, redox methods, neutralization, pH adjustement 
 

 

1. General description 

The need to discharge industrial effluent, in fact, 

represents a very sever ecological problem, since 

such effluents contain, in greater or lesser quantities, 

substances that are harmful to man, animals and 

plants. 

These pollutants affect the people that use natural 

water courses for drinking purposes, terrestrial 

animals that find in rivers and lakes their natural 

sources of drinking water, as well as the river and 

lake fauna and flora that may be poisoned, whether 

directly or indirectly, by such by industrial products. 

As a first approximation, industrial effluents can 

be subdivided into two major groups: 

-Effluents basically consisting of organic products 

-Effluents containing substances of inorganic 

origin 

The former reduce the quantity of oxygen 

dissolved in the water, which results in the fauna 

dying for lack of air, while the others have toxic 

effects and represent veritable poisons in the 

traditional understanding of the term. 

Many pollutants belong to both groups: some 

organic substances, in fact, consume the oxygen 

contained in the water and are also toxic; inorganic 

substances erode the oxygen because of their 

reducing action. 

Other forms of pollution are due to settling and 

suspended compounds. Aside from an accessory toxic 

effect, the former tend to settle on the bottom of water 

courses and damage the local flora thereby hampering 

the regular formation of plankton; the latter make the 

water turbid thereby preventing the penetration of 

sunlight and slowing down chlorophyll 

photosynthesis. 

The best way to prevent the severe consequences 

of pollution obviously consists of preventing all types 

of contaminants from being discharged into natural 

water courses. 

This can be obtained by processing all effluents 

with treatment plants designed to bring the 

composition of the effluents into line with applicable 

standards. 

Obviously, it is not possible to design a single 

treatment plant that will handle all types of effluent. 

Process selection is a decision of the utmost 

importance, requiring a preliminary study that takes 

into account all the factors involved case by case. 

 

2. Purpose 

We try to identify all the pollutant factors 

especially that concerning conductivity (reducing or 

oxidizing substances) and that which affects pH. 

Water samples were collected from the river Mures 

(Reghin location and Tg. Mures), river Gurghiu and 

river Poclos. 

 

3. Methodology 

Synoptic view of system: 
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The water to be treated is added in tank (1). By 

means of the control valves (13), the water is 

transferred into the oxide/reduction tank (4) where the 

reactant is made to enter through the opening of valve 

(12), which, in its turn, is governed by the rH control 

instrument. After that, the water is transferred to the 

neutralization tank (6) to which the 

precipitating/neutralizing agent contained in tank (3) 

is added, and whose quantity is controlled by valve 

(16) and by the ph control instrument, which works 

on solenoid valve (11). In the neutralization tank (6), 

in order to activate the precipitation process, it is 

possible to add a flocculants solution.  This is dosed 

by means of a special graduated glass vessel equipped 

with a faucet. Finally, the water reaches the settler (5) 

which separates the water from the sludge: the 

clarified water going to the discharge pipes comes out 

from the top of settler, while the sludge comes out 

from the bottom via a ball valve (18). A by-pass valve 

(14) makes it possible to transfer the water directly 

from the feed tank (1) to the neutralization tank (6) 

when the water to be treated only contains trivalent 

chrome, as is generally the case in effluents from 

tanning plants. 

 

4. Result 

We collected water from 5 different points, 25 

liters in each location: the Mures River in the area 

Reghin, in Tirgu Mures, near the Hippodrome, the 

river Gurghiu before flowing it into the Mureş River, 

in brook Pocloş in Targu Mures, district Tudor and a 

well located about 20 kilometers from Reghin near 

nature reserve Lake Faragau.  

We determined the pH of each sample; the results 

are illustrated in the table: 

 
Table 1. Determined pH values  

Location 

River 

Mureș,  

Tîrgu 

Mureș 

River 

Mureș 

Reghin 

River 

Gurghiu 

River 

Pocloș 

Fountain 

 

pH 8,55 7,85 7,42 8,45 7,47 
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Fig. 1 – Determined pH values  

 

As an immediate conclusion, the pH of all water 

was one alkaline, with values between 7.42 and 8.55. 

One explanation is the lack of rainfall until harvest 

samples, the acid rain that would have to reduce the 

pH value. 

Alkaline water is given by the presence of 

carbonates, bicarbonates and hydroxides. In natural 

waters are bicarbonate and carbonate rarely, only 

when the pH exceeds 8.2 to 8.3, such as water in 

Tirgu Mures. Alkali hydroxides are absent. 

Also, you can see the difference in pH, river 

Mures, between localities Reghin and Targu Mures. 

An important factor was the collection of proof of 

Reghin at entry river in the city, before being 

discharged industrial wastewater. 

 
Table 2. Determined values of conductivity 

Localize 

 

RiverMureş, 

Tîrgu Mures 

[1] 

River 

Mureș, 

Reghin 

[2] 

 

River 

Gurghiu 

[3] 

 

River 

Pocloș 

[4] 

 

Fountain 

 

[5] 

Conductivities 

[µS] 
239,7 186,2 215,7 1367 3805 

 

0

2000

4000

0 2 4 6

 
 

Fig. 2 – Determined values of conductivity 

 
Table 3. The values of hardness of water 

Localize 

River 

Mureș, 

Tîrgu 

Mureș 

River 

Mure, 

Reghin 

River 

Gurghiu 

River 

Pocloș 
Fountain 

Temporary  
hardness 

[grade 

germane] 

5,6 4,2 4,76 29,96 28,28 

Permanent 

hardness 

[grade 

germane] 

3,64 2,52 2,8 28,56 110,88 

Total 

hardness 

[grade 

germane] 

9,24 6,72 7,56 58,12 139,76 

Water Type 

 

Medium 

hardness 

water 

Soft 

water 

Soft 

Water 

Very 

hard 

water 

Very 

hard 

water 

 

After the calibration was successful, we started by 

adding acid treatment and reductions. 

In supply tank we added water for treatment. By 
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regulating valve water was sent by oxidation or 

reduction tank and oxidation agent is added / cut from 

the container containing said agent with the help of a 

regulating valve, being set by rH-meters. From here, 

water is transmitted to the neutralization tank, where 

is added acidifying agent.  

From neutralization tank water is sent to settling 

tank where purified water leaves the top and bottom 

of the tank sediments are removed.  

In the process of remediation for water from the 

river Mures we used as oxidizing ferrous sulphate 

concentration of 0.1 n, and for neutralization we used 

0.1 n hydrochloric acid.  

The total amount of hydrochloric acid used to 

neutralize the 25 liter of water was 36.609 g. 
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Fig 3 – The values of hardness of water 

 

The pH of water collected river Gurghiu changed 

within two weeks from 7.42 to 8 due to 

decomposition of organic substances contained in 

water, smell is one strong contrast to the time of 

harvest, increasing temperature also from 17ºC to 

24ºC, and part of acid carbonates were converted to 

neutral carbonates.  

Water from the brook Pocloş proved to be a very 

dirty water, the required amount of ferrous sulphate to 

reduce the conductivity was 9 ml in nine liters of 

distilled water, after which we added 10 ml in one 

liter of distilled water and another 20 ml in 2 liters of 

distilled water, but all this quantity proved to be 

insufficient to bring the conductivity to the desired 

value. And quantity of hydrochloric acid was an 

important. The total amount of HCl used was 151.475 

g.  

Necessary amounts of hydrochloric acid to 

neutralize the harvested water are illustrated in the 

chart below. 

 

5. Conclusions 

In the present work we aimed to establish optimal 

conditions for remediation of water by adjusting pH 

and ionic conductivity with IC14D-pollution plant. 

The plant is a flexible and can be used to treat water 

containing various pollutants, their quantity and could 

rank in the values that are normally found in 

industrial wastewater 
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Fig. 4 – The amount of hydrochloric acid necessary to 

neutralize the pH 

 

In all waters, the pH was determined alkaline, 

with values between 7.42 and 8.55. One explanation 

is the lack of rainfall until harvest samples, the acid 

rain that would have to reduce the pH value. Also, 

you can see the difference pH in water between 

localities Reghin River Mures and Targu Mures. An 

important factor was the collection of proof of entry 

Reghin River in the city, before being discharged 

industrial wastewater treatment. PH adjustment did 

not raise difficulties, the amount of acid needed to 

bring the entire sample of water at neutral pH we 

could easily calculate the amount of acid used by the 

plant until the solenoid valve closed, the pH reached 

value set, and seven. The waters of the brook and 

fountain Pocloş proved to have the highest 

conductivity hence large amounts of salts in the 

formation of which participate to varying degrees a 

number of ions: chlorides, sulphates, calcium, 

magnesium, sodium, potassium carbonates. Along 

with these ions, but in lower concentrations and 

having an important role in water chemistry and is 

also found iron, manganese, aluminum, silicon, 

fluoride and iodine.  

Regarding adjustment conductivity, that 

determine the quantities of reducing / oxidizing 

necessary we encounter the following reasons: 

-Was difficult to determine the exact 

concentration of ions in water; 

-Concentrations of reducing and oxidizing 

solutions have been difficult to establish 

-We obtained the conductivity variations due to 

high concentration of solution that we used it as the 

precipitating agent  

Essential conclusion that can be drawn from 

experiments is that the waters are becoming more 

polluted as the river moving in, human settlements, 

that industrial activities are major sources of 

pollution. 
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ABSTRACT 

In this work we try to obtain the pure water using ions exchange resign, both cationites 

and anionites.  We have to mention that both cationites and anionites are found in the same 

column. We have analyzed the water parameters both at the enter and at the end of the 

system. 
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1. General description 

Early on, stills were used to produce purify water. 

Zeolites and later, sulfonated coal and greensand 

were used to soften water. The commercial use of ion 

exchange resins for boiler feed did not become 

feasible until the late 1940’s when strong base resins 

for the removal of silica became available.  

Ion exchange is a reversible chemical process 

based upon selectivity of the exchanger for certain 

ions. Water containing a variety of ions is passed over 

ion exchange column and the undesirable ions are 

removed. When the resin is exhausted, regeneration is 

done to remove the undesirable ions from the resin.  

Over the years, improvements and engineering 

modifications were made to meet the requirements of 

the customers. A number of different methods have 

been employed to improve the product water quality, 

capacity utilization, and regeneration. 

For such industrial applications as boiler feed 

water and spraying and rinsing applications. Without 

purified water for boiler feed, scale builds up on heat 

transfer surfaces and boiler metals become brittle. In 

spraying and rinsing applications, minerals in water 

also scale spray equipment and cause imperfections 

on product surfaces. 

Water treatment by ion exchange is a common 

unit operation in chemical, petrochemical, oil 

refining, semiconductor manufacturing, and utility 

plants.  

Ion exchange resins effectively remove silica, 

dissolved solids and total organic carbon for reduced 

chemical regeneration usage, waste handling, and 

maintenance costs. 

The main considerations for demineralization 

operation are operating economics, quality and 

reliability of resin performance, and minimizing 

environmental costs.  

The primary variables in determining the 

operating economics are costs associated with 

regeneration, waste neutralization and disposal, as 

well as, resin replacement and disposal.  

Field experience and lab tests show that Purolite 

ion exchange resins used in IC 46 D plant offer 

numerous advantages over resins with a conventional 

Gaussian particle size. These advantages include, 

efficiency, greater operating capacity, reduced 

leakage, insoluble in all common solvents and better 

rinse characteristics. 

 

2. Purpose 

Getting demineralised water to a conductivity of 

0.014 ms, complete lack of both cation and anion 

foreign of water. 

 

3. Methodology 

For obtaining this type of water we used plant 

IC46D with these technical features: 

 

Technical Data IC46D

/500 

Feed water pressure atm. 2 

Max flow rate of H2O production lt/h 500 

Purity of demineralized water produced > 

ohms 

 

5 MΩ 

Corresponding saline residue < mg/l 0,2 
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H2O cyclic production rate referred to total 

salinity of treated water expressed in CaCO3: 

• 20°F/si (200 mg/l) lt 

• 30° F/si (300 mg/l) lt 

• 40°F/si (400 mg/l) lt 

 

 

3.000 

1.900 

1.300 

• Reactives for regenerating substances: 

• Hcl 30 % (20°bè) lt 

 

4.5 

• Diluition water lt 11.5 

NaOH (scales) Kg. 2.2 

• Diluition water lt. 50 

or 

• NaOH in solution 30% lt 

 

5 

• Diluition water lt 45 

Water necessary for rinsing: 

• first rinsing lt 

 

100 

• second rising lt 200 

Feed voltage V. 220 

Complessive watts absorbed (points) Watt 300 

 

We used ion exchange Purolite A200MBOH and 

Purolite C100MBH type, one is for anions exchanger 

other is for cations exchanger. 

 

 
 

Fig. 1: Operating diagram 

 

1. Electric three position commutator “regeneration - 

o - production”  

2. Electric wsitch for manual mixing of resins  

3. Programmer, electronic timer with reading of 

purity of water produced  

4. Little protection box containing terminal board for 

electric connections  

5. Valve for manual inlet of feed water  

6. Water pressure reducer with manometer  

7. Liter counter  

8. Filter  

9. Three ways ball valve  

10. Flow rate control valve  

11. Valve to send produced water to the storage tank  

12. Flowmeter  

13. Demineralized water storage tank  

14. Demineralized discharge  

15. Alkaline solution tank  

16. Acid solution tank  

17.Demineralized water tank/use cut-off valve  

18. Demineralized water storage tank discharge valve  

19. Raw water inlet filter  

20. Raw water inlet  

To produce demineralized water, proceed as 

follows:  

 • three ways ball-valve (fig. 1 no.9) open to 

discharge the first water produced (in case of any 

cycle beginning after regeneration operations)  

 • little handwheel for manual valve control: 

at position “1” (fig. 1 no. 21)  

 • three-position commutator at “production” 

(fig. 1 no. 1)  

The plant will produce water which will go to 

discharge.  

Vertical scale of right leds of programmer will 

indicate purity values expressed in 

megaohms/microsiemens.  

When purity value is sactisfactory, send water 

produced to utilization (tank 13), closing ball valve 

(fig. 1 no. 9).  

On request demineralizer can be provided with a 

supplementary automatism o signal the end of 

productive cycle by means of an alarm and eventually 

to stop automatically production.  

In this case the electric board will have, instead of 

a switch already discribed for “manual mixing”,a 

commutator with three position “manual production-

0-manual mixing”. 

At the beginning of each productive cycle (after 

operations of regeneration) put said commutator at 

“Manual production” to produce water even if not 

sufficiently pure, cancelling alarm signal.  

The same will be put at rest position, as soon as 

values of water purity will be superior to the min. 

prefixed with the little knob no. 4 (fig. 2).  

The apparatus will produce water which can be 

send to utilization.  

At the end of the cycle, supplementary 

automatism will go in prealarm and with a delay of 

about 60” will operate an alarm signal.  

It will be possible then to stop production 

positioning the switch located back the board at 

“Alarm and stop of production”. 

 

4. Result 

Substances found in the final product 
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5. Conclusions 

Getting demineralized water by this method has 

the following advantages: 

-Modern process that ensures a high degree of 

purity; 

- Applied to obtain large quantities of water; 

-Installation easy to handleHigh purity water is 

obtained; 

-PH and conductivity presents herself well 

articulated values. 
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Process used  Electric 

resistance 

Ohms/cm

/cmq 

Substances 

found in the 

final product  

Saline 

residue 

p.p.m  

pH  

thermic 

distillation  

100.000  

200.000  

CO2, 

SiO2,Fe, 
Cu,Pb  

5  5-6  

thermic 
bidistillation  

400.000  
800.000  

CO2, SiO2, 
unremarkable 

remaining  

1.25  
0.63  

5-6  

Ion exchange 

demineralizat
ion  

5.000.000  

10.000.00
0  

unremarkable

, none  

0.2  

0.1  

6.5  

7.5  
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ABSTRACT 

In this work we try to investigate the azotized ions using two analyzing methods: 

chromatographic and spectrophotometric to establish the most efficient analyzing methods. 

The investigations have been made on multiple samples collected from the same points of 

work. 
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1. General description 

The project followed a study of nitrite ions 

concentration using two methods: spectrophotometry 

and chromatography. To make the analysis we chose 

a period of one year, since April of 2008, up to April 

this year. Water used for analysis is a technological 

water. Company activity is cement production and 

water was collected from the general discharge after 

the treatment plant. 

 

2. Purpose 

Theme paper pursues a comparative study 

following chromatography and spectrophotometric 

determination of nitrite ions from wastewater. 

 

3. Methodology 

Spectrophotometry is a technique for investigating 

the absorption of radiation in solutions based on 

quantitative measurement of absorbed radiation 

intensity. Basically, a monochromatic radiation of 

known wavelength is applied on a layer of solution of 

known thickness and known strength solution, under 

the Lambert – Beer law (fig. 1). 

What Lambert - Beer law says is that there is an 

empirical relationship between material properties 

and light absorption by that material. In biochemistry 

"material" is usually the solution and the property of 

interest is the concentration of a substance in solution 

that we want to find from a quite intuitive 

assumption: "quantity" of light absorbed is even 

greater as the concentration dissolved substance, 

which absorbs light, is greater. 

 

 
Fig. 1: Lambert-Beer Law 

 

The transmission (or transmissivity) is expressed 

in terms of an absorbance which for liquids is defined 

as: 

 

 
 

The following scheme illustrates the working 

principle of a spectrophotometer (fig. 2): 

 

 

Fig. 2: Working principle of a spectrophotometer 

Optical signal 

Electrical signal 
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Incident radiation, monochromatic, performed 

using the monochromator M, passing through the vat 

with the sample P, which decreases the intensity of 

the wave length. Then the beam falls on photo-

detector D, where the optical signal is converted into 

electrical signal. Resulting signal, after amplification, 

can be finally measured and displayed, so it can be 

placed in a computer memory for data processing. 

 
Sampling 

point 

Data 

collection 

Range of 

mediation 

TOC 

(ppm) 

TOC 

(mg/Nm3) 
Limits 

spray 

booth 2 
06.06.2008 

12:38 – 

12:52 
51,31 82,50 

75 

mg/Nm3 

spray 

booth 3 
28.11.2008 

13:50 – 

14:00 47,13 75,80 

spray 

booth 4 

28.11.2008 
14:00 – 

14:11 47,89 77,02 

spray 

booth 3 

13.02.2009 
09:19 – 

09:30 
47,90 77,03 

 

Determination is based on spectrophotometric 

measurement at 542 nm of red compound formed by 

reaction of nitrite ions with amino benzene 

sulfonamide in the presence of orthophosphoric acid. 

Chromatography includes a diverse group of 

important methods that allow researchers to separate 

very similar compounds in complex mixtures. In all 

chromatographic separations sample is dissolved in a 

mobile phase: gas or liquid. Chromatographic 

methods are based on the adsorption of substance 

mixtures (solid-liquid, liquid-liquid, gas-liquid) on an 

adsorbent material, followed by successive desorption 

(with a suitable solvent) of the components in the 

mixture. 

Determination is based on anion separation 

(fluorides, chlorides, nitrates, bromides, nitrates, 

phosphates and sulphates) on a ion chromatography 

column. 

High performance liquid chromatography (HPLC 

– fig. 3) covers new procedures for liquid 

chromatography based on sophisticated 

instrumentation. 

 
Fig. 3: HPLC principle 

 

4. Results 

Experimental results are summarized in the 

following table: 

Table 1 - Results 

Spectrophotometric 

method [mg/L] 

Chromatographic 

method [mg/L] 

0,120 0,066 

0,186 0,070 

1,020 0,430 

0,757 0,088 

0,127 0,072 

0,322 0,107 

0,129 0 

0,356 0,068 

0,280 0 

0,232 0,091 

0,087 0,061 

0,209 0 

0,108 0,166 

 

5. Conclusion 

Nitrates ions marked increase during months 3 

and 4 because that period recorded drought, which 

has focused its presence in water. 

Both tests indicate the same thing, the difference 

being is that the values resulted after 

spectrophotometric analysis are higher. 

This difference of concentration depending on the 

type of method can be argued as follows: 

chromatographic analysis eliminate the interference 

that can affect the accuracy of the determination. 

 
Fig. 3: Comparison between spectrophotometric and 

chromatographic analysis  
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ABSTRACT 

The project followed a study of VOCs concentration measurement made at a local 

furniture factory. The method used is FID - flame ionization detector and the parameter 

of interest is TOC - total organic carbon. 
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1. Introduction 

The project followed a study of VOCs 

concentration measurement made at a local furniture 

factory. The method used is FID - flame ionization 

detector and the parameter of interest is TOC - total 

organic carbon. Measurement period was stretched 

during 06.06.2008 - 15.05.2009. Exhaust gases from 

spray booths were analyzed with a portable analyzer, 

which uses the principle of flame ionization. The 

analyzer is designed specifically for portable 

applications and it can operate in both continuous 

measurements and in short term measurements. Five 

analysis were made for each of the four spray booths. 

 

 
Fig. 1 – FID portable analyzer 

 

 

2. Purpose 

The purpose is to monitor the concentrations of 

VOCs under environmental permits. 

 

3. Methodology 

The analyzer operates according to the principle 

of comparison. The unknown sample gas 

concentration is compared with the known 

concentration of the calibration gas. The physically 

measured quantity is converted into an electric signal 

by means of a flame ionization detector. Here an 

electric field is connected to a pure hydrogen flame 

which burns while being supplied with hydrocarbon-

free air. If organic compounds are fed to this flame 

through the sample gas, a measurable ionization 

current is produced. The signal is proportional to the 

number of carbon atoms which are fed to the flame 

and are not pre-oxidized. 

 

 
Fig. 2 – Measuring Principle 

 

The instrument has a linear characteristic, the 

slope can be defined by means of two points. In 

practice, this is done in a such way that first of all a 

test gas with a concentration value of zero is passed 

through the instrument, and the zero point is 

electrically set to zero subsequently. In a second 

stage, a certain concentration of organic compounds 
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is fed tot the instrument, and the sensitivity of the 

instrument is then electrically set to this value. After 

this calibration process, the concentration of the gas 

to be measured can be determined. 

 

 
Fig. 2 – Interface of the analyzer 

 

Calibration can be performed after the device was 

turned on 45 minutes before the flame is lit for 

approx. 5 minutes. For calibration of the analyzer 

used two bottles containing a test gas concentration of 

organic carbon and zero calibration gas containing 

propane, which total organic carbon mass 

concentration is 82 mg / Nmc. 

The analyzer has a linear characteristic whose 

slope can be determined by two points. This is done 

essentially by first generating a zero concentration 

test gas (zero gas, synthetic air in this case) and thus 

the zero point is set electronically. In a second step, is 

generated by a gas analyzer whose concentration of 

organic compounds is well determined (calibration 

gas, for example. 1 vol% propane in air which means  

82 mg / Nmc) and with which it will adjust the 

sensitivity of electronic device to indicate that value. 

To set the zero point, the button for gas sample is 

rotated to the left in position ZERO GAS. The 

cylinder of synthetic air must be open. After a few 

seconds, the display will show a stable. Measurement 

value is set to zero using ZERO potentiometer, 

releasing drag. Ensure potentiometers then closes the 

cylinder of synthetic air. 

To set the calibration, measuring range switch is 

rotated to the calibration basis, on the second scale. 

Turn gas sample button to SPAN GAS position. 

Propane cylinder is open and after a few seconds the 

display will show a stable. Use SPAN adjustment 

button to set a predefined value of 82 mg / Nmc. 

Ensure potentiometer and then close the propane 

cylinder. Finally, the button switches the gas sample 

in the middle position measure. 

Through this calibration process, the exact gas 

concentration to be measured can be determined 

exactly. 

The values were registered in a data logger and 

downloaded to a PC. The software generates a 

graphic of the registered values and data can be 

exported in to a table for further calculations or 

statistics. 

 

4. Results 

Experimental results are presented in the 

following table: 
Table 1 – Main results 

 

Sampling point 
Data 

collection 
Range of mediation 

TOC 

(ppm) 

TOC 

(mg/Nm3) 
Limits 

spray booth 1 

06.06.2008 

12:15 – 12:28 34,83 56,00 

75 mg/Nm3 

spray booth 2 12:38 – 12:52 51,31 82,50 

spray booth 3 13:01 – 13:27 44,47 71,50 

spray booth 4 13:27 – 13:41 44,15 70,99 

spray booth 1 

01.08.2008 

10:17 – 10:27 28,13 45,23 

spray booth 2 10:34 – 10:44 18,86 30,32 

spray booth 3 10:47 – 10:57 31,41 50,50 

spray booth 4 11:00 – 11:10 16,62 26,72 

spray booth 1 

28.11.2008 

13:27 – 13:36 34,52 55,52 

spray booth 2 13:39 – 13:50 35,16 56,55 

spray booth 3 13:50 –14:00 47,13 75,80 

spray booth 4 14:00 –14:11 47,89 77,02 

spray booth 1 

13.02.2009 

08:59 – 09:09 28,77 46,26 

spray booth 2 09:09 – 09:18 35,65 57,33 

spray booth 3 09:19 – 09:30 47,90 77,03 

spray booth 4 09:30 – 09:31 23,86 38,37 

spray booth 1 

15.05.2009 

10:30-10:40 24,93 40,09 

spray booth 2 10:40-10:50 28,89 46,46 

spray booth 3 10:50-11:00 26,81 43,11 

spray booth 4 11:01-11:11 23,36 37,57 
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5. Conclusion 

For each analysis, sampling time is 10 minutes, 

recording values every 5 seconds. So we had about 

120 to 130 of value. These values were recorded by 

the Logger's analyzer and downloaded to a computer. 

The software's Logger generated a graph with the 

values recorded and the data can be exported into an 

Excel table.  

Irregularity graphs can be caused for various 

reasons: 

o Exhaust flow 

o The saturation of active coal 

o Frequency of spraying worker 

o Temperature 

o Humidity 

There have been excesses in the following: 

 

Sampling point 
Data 

collection 

Range of 

mediation 

TOC 

(ppm) 

TOC 

(mg/Nm3) 
Limits 

spray booth 2 06.06.2008 12:38 – 12:52 51,31 82,50 

75 mg/Nm3 
spray booth 3 28.11.2008 13:50 – 14:00 47,13 75,80 

spray booth 4 28.11.2008 14:00 – 14:11 47,89 77,02 

spray booth 3 13.02.2009 09:19 – 09:30 47,90 77,03 

 

Deviations are insignificant. These values were 

caused by saturation of activated carbon filters. The 

solution is to recover solvents adsorbed on the surface 

of the coal or to change the load of activated carbon, 

depending on company’s necessities. 
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ABSTRACT 

Promoting the production of electric energy from renewable sources (E - SRE) is an 

imperative of the current period, motivated by: the protection of the environment, the 

increase of the energetic independence of imports, the diversification of the energy supply 

sources, as well as for reasons dealing with the economy and social cohesion. Romania 

was among the first European Union candidates who transposed in its own legislation the 

stipulations of the Directive 2001/77/CE (Government Decision no. 443/2003, with the 

modification from Government Decision 958/2005). For 2012, Romania set a target of 

33% representing the E-SRE proportion of the gross national consumption of electric 

energy. In Galati County has started a project that calls for a wind farm, consisting of 4 

wind turbines with a total capacity of 10MW. The project was started after the area 

topography and climate studies and will be made within 36 months. 

Keywords: wind energy, electricity, wind farm, wind turbine, energy, investment, efficiency 

 
1. Introduction 

Promoting the production of electric energy from 

renewable sources (E - SRE) is an imperative of the 

current period, motivated by: the protection of the 

environment, the increase of the energetic 

independence of imports, the diversification of the 

energy supply sources, as well as for reasons dealing 

with the economy and social cohesion.  

The Directive 2001/77/CE of the European 

Council and Parliament regarding the promotion of 

electric energy produced from renewable sources of 

energy on the national market is the first concrete 

measure taken by the European Union to address the 

necessity to reduce gas emissions with a greenhouse 

effect, imposed by the ratification of the Kyoto 

protocol.  

Romania was among the first European Union 

candidates who transposed in its own legislation the 

stipulations of the Directive 2001/77/CE 

(Government Decision no. 443/2003, with the 

modification from Government Decision 958/2005). 

For 2012, Romania set a target of 33% representing 

the E-SRE proportion of the gross national 

consumption of electric energy. 

Promoting the use of energy from renewable 

resources, among which the wind energy, is one of 

the strategic objectives in the energetic domain of the 

Romanian government. Clear targets are set on a 

medium term in order to address significant 

objectives in the production of green energy.  

These objectives have the following purposes: 

 To follow the global, and especially European 

trends of diversification of energy sources.  

 To contribute to the medium-term increase of 

the level of energetic independence of Romania; 

 The decrease of polluting emissions caused by 

the Romanian energetic industry, as part of the 

commitment made by our country as part of the 

Kyoto protocol.  

A project was commenced in the county of Galati 

in this respect.  

The investment project in Galati is in accordance 

with the European Council regulations regarding the 

promotion of electric energy produced from 

renewable sources of energy and it contributes to the 

Romanian accomplishment of E-SRE. In the context 

of the energetic crises which was more and more 

obvious at a global level, and encouraged by the new 

Energetic Policy of the European Union, a project of 
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10MW was begun in a Romanian wind farm in 2006. 

After more than 12 months of study, the location of 

the first wind farm in Romania was chosen in the 

Galati area.  

The investment “Building of a wind park formed 

of 4 wind turbines (Corni 1, Corni 2, Varlezi 1, 

Varlezi 2) and the corresponding electric 

connections, in the communes Corni and Varlezi, 

Galati county” considers the efficient use of the 

renewable energetic resources in this county in order 

to produce green energy.  

The general objective of the investment project is 

to make efficient use of the renewable resources of 

energy to produce green energy by supporting 

investment in the modernization and accomplishment 

of new capacities to produce electric energy.  

The investment project also has in view the 

observance of the objectives which are specific to the 

Priority Axis (AP 4). 

The specific objectives of the Priority Axis are:  

 To reduce dependence on imports of primary 

energy resources (mainly fossil fuels) and to improve 

supply safety.  

The projects contributes to the accomplishment of 

this specific objective due to the fact that the 

installation of four wind turbines in the south-eastern 

part of the Moldavian Plateau in the county of Galati 

will lead to the better use of the local renewable 

resources of wind energy, thus reducing dependence 

on energetic imports and facilitating the energy 

supply.  

 To protect the environment by reducing 

the polluting emissions and by opposing climatic 

changes  

The project contributes to the accomplishment of 

this objective due to the fact that the investment 

envisages the production of green energy, thus 

contributing to the environment protection by 

reducing polluting emissions and opposing climatic 

changes. 

 To diversify the sources of energy 

production, the technologies and infrastructure for 

the production of electric energy. 

The project contributes to the accomplishment of 

this objective due to the fact that the investment aims 

at the production of electric energy from non-

conventional sources. The beneficiary intends to 

install four wind turbines with the following 

characteristics: power, up to 3 MW/ turbine, the 

height of the tower: up to 100 meters, the diameter of 

the rotor: up to 90 meters, asynchronous generator: 

690 V, transformation station: 690V /20 kV, rotor 

rotation: max. 27r.p.m., computerized remote control.  

 To create new jobs in different parts of the 

country by accomplishing / modernizing the facilities 

of non-conventional energy production.  

The project contributes to the accomplishment of 

this specific objective due to the fact that one of the 

aims of the investment is to create new jobs, both in 

the implementation period and after the project has 

been implemented, in a region with a high level of 

poverty (the poverty rate is 63.3% in the case of the 

Corni commune and 56.1% in the Varlezi commune). 

This creates the possibility of economic growth and 

allows the improvement of the living standard in the 

community.  

The project also contributes to the fulfillment of 

the general objective of POS – CCE – increasing the 

productivity of Romanian companies, according to 

the principles of durable development and the 

reduction of discrepancies compared to the 

productivity at the level of the European Union, so 

that, by 2015, Romania should reach a level of 55% 

of the average UE productivity. 

The projection of costs and operation income for 

this project was designed for a period of 20 years. 

The efficiency of the investment results from its 

recuperation period, of 15 years. The total cost of the 

investment is 85.881.110,00 lei, without VAT.  

A series of expenses have been estimated: staff 

costs, electrical energy costs, expenses related to the 

works and services regarding the current maintenance 

of the wind groups, management costs, administrative 

costs, financial costs.  

The stages composing the project are: 

A. Initiation and feasibility – finalized by 

deciding whether to continue or to terminate the 

project.  

B. Pre-construction (finalized by deciding 

whether to continue or to terminate the project) 

C. Construction (includes trials and start) 

D. Exploitation and maintenance  

A part of these stages have already been 

accomplished.  

Thus, the basic parameters of the power station 

have been determined (number and type of wind 

groups, height of the hub, total power installed) and 

the potential places are considered, taking into 

account the availability of wind resources, the 

proximity of electric networks which can be 

connected to the energetic system and the limits – 

constraints resulted from the regulations and local, 

regional and national systematization plans.  

The place was chosen on the flat top of a hill 

situated in the eastern part of Macineni, the 

Musculesti hill, whose maximum altitude is 225 

meters (100 m height level) and a 2-hectare area 

situated outside the Varlezi commune, with a 140 

meter-height level.  

The wind stations (figure 1) require relatively 

large areas of land mainly to meet the conditions 

imposed by the proximity requirements which are 

applied to wind units: distance to each other, distance 

to different constructions, residential areas, roads, 

railroads, navigable routes etc.  
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Fig. 1 - Wind unit 

 

Each wind installation consists of a metallic tube 

composed of three cone-shaped parts with variable 

diameters and thickness of the structural wall. The 

asynchronous generator and the propeller are located 

on the third part. The propeller is made of composite 

material.  

The whole system is built on a armored concrete 

foundation, with PC 52 bars and a foundation depth 

ranging between 2.55 to 3 meters. The generator is of 

asynchronous type with the output voltage of 690V 

and a variable power of up to 3MW according to the 

wind power. A copper conductor descends from the 

generator to the boostrap transformer from 690V to 

20KV placed 10 meters away from the turbine. The 

transformer is equipped with a protection split cell 

and ground connection.  

At wind speeds higher than 4m/s, the turbines 

start working, and at winds of 12 m/s they reach the 

nominal power (3MW). At the speed of over 26 

meters per second, self-protection is activated and the 

turbines stop.  

Thus, functioning is controlled by a process 

computer which allows the blades of the propeller 

and the whole rotor to move in the direction of 

maximum intensity of the wind. The computer 

records all the parameters which are necessary for the 

proper functioning of the installation and it can also 

stop the rotation of the propeller when any of the 

parameters are not properly met.  

In order to ensure the safety level, a series of 

works will be done in the transformation station 

110/20 KV Cudalbi:  

 A second transformation unit 110/20 KV, 16 

MVA will be installed in order to ensure the 100% 

reservation of the station;  

 A 20 KV line cell will be installed, which will 

connect the cable by which the two wind stations will 

generate energy in SEN.  

Also, the information provided by the 

meteorological stations in Barlad and Galati has been 

considered. This information was compared to the 

data resulted from the measurements and 

observations performed with a series of wind 

monitoring equipment (for example, the Ammonit 

equipment). The relevance of the information 

obtained from these stations has been discussed with 

the county ANM  

A last check was performed in comparison with 

the wind data measured in Baleni (Galati county) in 

the period 23 January – 25 February 2008, at an 

altitude of 95 meters.  

In this period, the average recorded speed was 7.9 

m/s.  

Usually, the average speed in this period is 8-10% 

higher than the annual average speed.  

By applying the same proportion to the data 

measured at Baleni, it results that the multi-annual 

speed in Baleni it results that the multi-annual speed 

at Baleni would be of 7,1...7,2 ms, at 95 m from the 

ground level. At 60 m above the ground, it results 

(from the height extrapolation formulae) an average 

annual speed of about 6,3...6,4 m/s. This value 

supports the information above. A significant factor 

in this equation is the direction of the wind; thus, the 

direction North – North-West is more frequent, but 

the average speed from this direction is also higher, it 

results that the greatest amount of energy is obtained 

from the direction North – North-West (figur 2). 

 

 
Fig. 2 - Wind rose 

 

About 52% of the energy is collected from the 

direction NNV, and 28% from the direction SSV.  

It must be mentined that the wind park will be 

situated within favorable distance from the nearest 

electric station – Cudalbi.  

The investment and exploitation costs for the 

electric wind station of 10 MW (4x2,5MW) are 

proportional with the installed capacity. The 

investment costs are about circa 2.001.067 € / 

installed MW, and the exploitation costs are assessed 

at 214.352 € / installed MW. 

The duration of accomplishment (months) = the 

project will be implemented during a period of 36 

months.  
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We consider it important to present a map with 

the energetic potential of Romania (figure 3), 

calculated by means of the WASP program 

elaborated by the European Union.  

 

 
Fig. 3 - Area wind potential in Romania 

 

One may notice that in the northern part of Galati 

county the number of hours when the wind speed is 

over 4 m/s can be as many as 5000 per year.  

Starting from these measurements, one can 

conclude that the renewable energy represents the 

alternative to the energy resulted from the combustion 

of fossil fuels, an alternative that Romania can benefit 

from. 
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ABSTRACT 

  
The identification of secure, non-polluting and renewable sources of biofuel, as an 

alternative to the fossil fuel, which are finite in time, constituted a concern of scientists 

long before the energetic crisis of 1973. According to Directive 2003/30/CE, the 

European Union policy considers the decrease of dependency and of the energetic import, 

as well as the decrease of gas emissions. By 2020, EU Member States, need to replace 

gasoline and diesel at a rate of 20%, with renewable fuels. In our country, in order to 

obtain biodiesel from vegetable oils researches are made on some crops such as 

sunflower, soybean, rapeseed. In Mures County, have done research on the composition 

and production of oil of rapeseed cultivation for autumn and spring. As a mean value for 

the three years, varieties Bolero (spring) and Digger (autumn) accumulated the highest 

oil content. 

Keywords: crops, energy sources, productive potential, vegetable oil, energy, rapeseed diester, rape  

 
1. Introduction 

The identification of secure, non-polluting and 

renewable sources of biofuel, as an alternative to the 

fossil fuel, which are finite in time, constituted a 

concern of scientists long before the energetic crisis 

of 1973. One of the first papers in which the 

perspectives of biofuels were described was entitled 

“The fuel possibilities of vegetable oils” and was 

published in 1938 in the Gas and Oil Power 

magazine by the American Walton J.  

Ever since the beginning of the Second World 

War, vegetable oils began to prove their qualities as 

biofuels, when the Japanese were forced to use oil 

made of soy (Glycine hispida Maxim) for the engines 

of their Yamoto ships as a consequence of the 

shortage of traditional fuels which the Japanese 

experienced at that time.  

 

Currently, the U.S.A. produce an annual crop of 

about 5 million tons of fuel based on esterified 

vegetable oil which are generically called biodiesel. 

In Brazil, alternative fuels are used in about half of its 

automobile lot, while the European Union that 

Romania is a member of sells biodiesel in fuel 

stations together with gas and diesel.  

According to Directive 2003/30/CE, the European 

Union policy considers the decrease of dependency 

and of the energetic import, as well as the decrease of 

gas emissions. This regulation forces the member 

states to take measures to replace the gas and diesel 

used in transportation or in other activities in a 

percentage of 20% until 2020, as renewable fuels are 

state funded.  

Obtaining biodiesel from vegetable oils can be an 

opportunity for our country, in which sunflower, soy 

and rape are cultivated in large areas.  

If ampler research was conducted on sunflower 

and soy, considerably less research has been 

conducted on rape, especially in the Transylvanian 

region. This led us to operate research on the rape 

culture (Brassica napus ssp. oleifera) in order to study 

the oil content and production of some spring 

cultivars (Bolero, Heros, Amica) and autumn 

cultivars (Digger, Valesca, Vectra, Kardinal), with a 

seeding thickness of 100 b.g./m
2
, 200 b.g./m

2 
,300 

b.g./m
2
 and fertilized with different fertilizing 

doses(N0P0K0 N60P0K0 N60P60K0, N90P90K90). 
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The vegetable oil extracted from rape seeds has 

two main uses, in cooking and as a biofuel. The 

appropriateness and efficiency of the culture varies 

according to these uses of the finite product.  

The energetic value of the rape oil and of the 

seeds in general is very high. In a production of 3,2 

t/ha seeds, the production is 1,4 t oil/ha, with an 

energetic value of
7101302   calories and a total of 

7101845   calories/ha. It is considered an alternative 

source of energy – biofuel for the Diesel engines, 

either in its original form or as methilic ester and it 

inscribes itself in the global effort of decreasing the 

use of fossil fuels which are gradually disappearing 

and the “greenhouse effect” intensified by their 

burning. Table 1 presents the energetic balance in the 

production of the rape diester.  

 
Table 1 - The energetic balance in the production of 

the rape (Naghiu,Al. şi L.Naghiu, 2000). 

Productive level Rape oil Esterified rape oil 

AGRICULTURAL PRODUCTION 

-agricultural 

production 
3,2 t/ha 3,2 t/ha 3,2 t/ha 3,2 t/ha 

-energetic 

production  

76000 

MJ/ha 

76000 

MJ/ha 

76000 

MJ/ha 

76000 

MJ/ha 

-energetic 

consumption 

17460 

MJ/ha 

17460 

MJ/ha 

17460 

MJ/ha 

17460 

MJ/ha 

- input / output 1:4,3 1:4,3 1:4,3 1:4,3 

-energetic profit 330% 330% 330% 330% 

 

The rape diester – technical product based on 

methylic ester – produced in Austria, Germany, 

France, Italy is a highly performing fuel, it is 

biodegradable, non-toxic for the marine organisms, 

releases less smoke by burning, does not release 

sulphure oxides responsible for acid rains, does not 

contain aromatic hydrocarbons but releases azoth 

oxides.  

The lipid (oil) content of the rape seeds is over 

50% of the dry substance especially in the newly-

created hybrids. In the case of 16 types free of erucic 

acid (“0” type) in comparative cultures at ICCPT 

Fundulea, the oil content ranged between 43,8 şi 

47,2%, and in 13 types free of erucic acid and 

glucosinolates („00”type), between 43,3 and 48,3% 

(Vrânceanu A.V., 1986). 

The oil content of the spring rape (figure 1) was 

influenced by the researched factors, but also by the 

climate conditions of the years when the 

experimented were conducted.  

 
Fig. 1 - The oil content of spring rape seeds under the 

influence of the researched factors. Mean values 2005 – 

2007. 

 

During the three years of experiments (2004 - 

2007), the highest oil content was recorded in 2006, 

and the lowest in 2007, when the temperature was 

higher and the rain was reduced in quantity and 

repartition.  

As a mean value for the three years, the Bolero 

type accumulated 48,44% oil, followed by Heros with 

47,32% and Amica with 46,28%, the differences 

being very significant.  

The highest oil content (47,55%) according to the 

seeding thickness favors the variant 200 b.g./m
2
, and 

the lowest oil content was obtained for a thickness of 

100 b.g./m
2
. When the thickness is higher, the oil 

content grows to the detriment of the proteic 

substances, whose values are greater for lower 

thickness (100 b.g./m
2
) 

The influence of fertilization was manifested in 

the sense that in the non fertilized variant the oil 

obtained was 48,0%. The oil content is lower when 

the fertilizer is N60, it rises to 46.9% in the variant 

with N60P60K0 and it grows again, beyond the non-

fertilized variant with o.40% when N90P90K90.is 

applied. The phosphor and potassium counteracted 

the action of the azoth and determined the growth of 

the oil content with a significant difference.  

The interaction of the three researched factors 

causes significant differences in the oil content, 

which oscillates from 49,75% in the interaction 

Bolero x 100 b.g./m
2
 x N90P90K90 to 44,9% in the 

interaction Amica x 100 b.g./m
2
 x N60P0K0. 

The same reduction of the oil content was 

manifested in all cultivars in the case of the azoth 

fertilization, while the oil content became higher 

when the cultivars were fertilized with cu N90P90K90 

and with thicknesses of 200 and 300 b.g./m
2
. 

The oil production is mainly influenced by the 

seed production, followed by the seeds oil content. 

The influence of the cultivar on the oil production 

was manifested in almost equal productions. The 

differences in comparison to the control variant 

(Bolero) are not statistically assured. The oil 

productions ranged between 646 kg/ha for the Bolero 
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type and 693 kg/ha for the Heros type. The Amica 

type obtained a production of 670 kg/ha oil (figure 2). 

The influence of the seeding thickness and 

implicitly the plant thickness at harvest was more 

acutely manifested, so that for a thickness of 300 

bg/m
2
 the oil production was 722 kg/ha. The 

difference from the control variant is of 86,2 kg/ha 

and it is statistically assured. In the case of the 

thickness 200 b.g./m
2
 the production was 650.3kg oil 

per ha, and with 100 b.g./m
2
 only 635,8 kg oil per ha. 

 

Fig. 2 - Influence of the researched factors over the oil 

production. Mean values 2005-2007. 

 

The influence of fertilization was highly 

significant: greater seed productions were obtained 

through fertilization. The greatest oil production was 

obtained with N90P90K90, of 815,3 kg/ha. 

The difference of 288.3 kg per hectare is very 

significant. On the second place, the variant fertilized 

with N60P60, resulted in a profit of 169,5kg/ha (fig. 2). 

The interaction of the three factors was profitable 

for the cultivars Heros x 300 b.g./m
2
 BOLERO x 

N90P90K90 with 948 kg oil per hectare, Bolero x 300 

b.g./m
2
 x N90P90K90 with 889,3 kg/ha and Heros x 300 

b.g./m
2
 x N60P60K0 with 828,7 kg oil per hectare. 

In the case of winter rape, too, obtaining great 

seed productions must be correlated with their good 

quality, expressed by their high oil content of 

appropriate composition.  

The mean values for the three years (tabel 2) show 

that the highest oil content was obtained in the Digger 

cultivar, with 50%, followed by Valesca with 

47.33%; the seeding thickness did not influence the 

oil content in a significant way (46,97 % at 100 

b.g./m
2
; 46,67% at 200 b.g./m

2
; 46,68 % at 300 

b.g./m
2
). 

The fertilization with azoth, phosphor and 

potassium determines variations of the oil content, in 

the sense that the highest oil content (47.99%) was 

found in the non-fertilized variant (N0P0K0); the 

content decreases to 45.28% in the variant fertilized 

only with azoth (N60P0K0); the oil content increases 

when phosphor is added to the azoth (46.35%) and 

the oil content resembles that of the non-fertilized 

variant in the variant N90P90K90,with 47,48% oil. We 

can therefore acknowledge the importance of 

phosphor and potassium in the accumulation of oil in 

winter rape.  

On an average, during the three years of 

experiments, the influence of the factor interaction 

revealed a high content of oil especially in the 

interaction Digger x 100 b.g./m
2
 x N0P0K0, with 52,20 

% oil, followed by the same cultivar, with the 

thickness 200 b.g./m
2
 and 300 b.g./m

2
 and N0P0K0, 

with 51,46% oil. Among the fertilized variants, the 

most remarkable ones were the ones fertilized with 

N90P90K90, regardless of the seeding thickness.  

Averagely, during the three years of experiments, 

the production of biologic oil was influenced by the 

seed production and then by the oil production. The 

Valesca cultivar obtained a production of biologic oil 

of 1025,16 kg./ha, with the thickness 200 b.g./m
2
, a 

production of 781,72 kg/ha oil, and fertilization with 

N90P90K90, a production of 941,05 kg oil per hectare, 

with a difference of 425,16 kg/ha compared to the 

non fertilized variant (N0P0K0), obtaining 1.57 kg oil 

per 1 kg active substance fertilizer; in the variant 

fertilized with N60P60K0 the difference compared to 

the non-fertilized variant was of 306,82 kg. oil per 

hectare, that is 2,55 kg. oil per 1 kg. active substance 

fertilizer.  

On an average, during the three years of 

experiments, the factor interaction determined a 

significant increase of the oil production. The greatest 

oil production was obtained in the interaction Valesca 

x 300 b.g./m
2
 x N90P90K90, with 1315 kg .oil per 

hectare, and the difference compared to the non-

fertilized control variant was of 669 kg/ha biologic 

oil, that is 2.47 kg oil pe r1 kg active substance 

fertilizer.  

 
Table 2 - The influence of the researched factors 

over the content and the oil production in winter rape. 

Mean values 2004-2007 

 
 

Following the observations on the seed production 

obtained, on the rape seed oil content, of the resulted 

oil production, we can conclude that since the 

production of biofuels can represent an opportunity 

for our country, the rape cultures in this 

Transylvanian region is economically profitable, with 

a rate of profit of over 105% in winter rape and of 

over 40% in spring rape.  
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ABSTRACT 

The product environmental impact during its useful life is analysed in this paper. Some 

products consume significant resources when used and others consume small amounts, 

even none. Designers should assess all the products and establish the weight of energy 

and materials consumption during this stage from the total. Usually, this evaluation is 

performed using assessment instruments like LCA. In this way, designers can find 

solutions and improve the products in the direction of reducing material and energy 

consumption and the waste during the use stage. 

Keywords: ecodesign, environmental impact, useful life, lifecycle, conceptual design 

 
1. Introduction 

A product life cycle consists in five main stages, 

as follows: raw materials obtaining, product 

manufacturing, transport and distribution, product use 

and product end-of-use [1]. Eventually, the product 

can be recovered and in this way, some possibilities 

may occur: reusing, re-manufacturing, refurbishing or 

recycle the whole product or parts of it. 

Design can influence the environmental impact of 

a product in many ways and many points of its life 

cycle. As generally assumed, a product impact should 

be first assessed and then designers must think about 

the most appropriate measures to be taken. 

For the designer, when creating the products, the 

order of priorities should be the following: durability, 

upgradeability, reuse, recycle, energy recover and 

disposal [2]. The significance of the above list is that 

design for environment puts on the first place the 

extension of the product’s life through durability and 

upgradeability (i.e. extending the product useful life). 

In addition, there are indicators that sometimes 

consumers throw products away for reason of fashion 

or minor damage.  

Therefore, the useful life of a product can be 

extended through durability, but also by simplifying 

the product, which means a simpler structure with 

fewer components and which is easier to repair and 

maintain [3]. 

Consequently, a longer useful life for a product 

results into an increased environmental impact, as a 

cumulated effect. This in the reason why design 

should focus on this stage in the efforts of reducing 

the environmental costs in real terms and avoiding 

solutions that only transfer this impact from one 

stage to another. 

 

2. The useful life of products  

When considering the environmental impact, 

designers are tended to concentrate on the raw 

materials obtaining, manufacturing and disposal 

stages and give less attention to the useful life stage.  

This can be correct for some products (e.g. hand 

tools, furniture, books), but for other category of 

products (e.g. domestic appliances, vehicles, office 

machinery) it might be the use stage that causes the 

most environmental damage and therefore this 

deserves a special attention. 

This is also a preferred solution because its 

simplicity. It is easier to assess the materials and the 

processes than to evaluate or “guess”/anticipate the 
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way the client will exploit the product during its 

useful life.  

There are also other categories of products, 

which have little direct environmental impact in use, 

but which can cause indirect problems. For example, 

clothes have no impact when used, but washing or 

dry cleaning them is usually damaging for the 

environment. 

We are going to analyse the second and the third 

category of products for which the environmental 

impact in the useful life stage is quite significant and 

definitely the largest compared with the other four 

stages (fig. 1). In case these products consume not 

only energy but also other materials, or water (e.g. 

besides the energy, washing machines consume 

detergent, additives and large amounts of water), 

then the importance of the usage stage becomes 

even greater. 

A life cycle analysis performed for a washing 

machine over all five stages: raw materials extraction, 

manufacture, distribution, use and end-of-

life/disposal, would permit us to observe the 

environmental impact caused in each stage 

concerning energy consumption, air pollution, water 

pollution, solid waste and water consumption. The 

results make evident that the overwhelming 

proportion of the impacts come from the washing 

machine usage stage, not from manufacturing or 

disposal ones. 

 

  
 

hammer refrigerator radiator 

0% 52.5% 72.5% 

 
Fig. 1 – Useful life costs as a share of total product 

lifetime costs (after [2]) 

 

In environmental terms, the materials and 

processes used to build a washing machine, the way it 

is packed and transported, and whether it is recycled 

or not, are “almost” irrelevant in comparison with 

how it performs during its use. 

Designers have a crucial role in reducing the 

environmental impact of products. Traditionally, if a 

product is friendlier for the environment it will be 

more expensive [1]. Therefore, customers should be 

correctly informed about the environmental 

performances of the product and know which are the 

future advantages for which he needs to invest extra 

money when purchasing the product.  

For the washing machine in the above example, 

the difference in efficiency between the best and the 

worst product is significant, with the best using 

maybe half the water and energy of the worst. 

 

3. Case study: the washing machine 

The washing machine is a product known enough 

so that it can be easy to model the structure of 

functions. This is the main activity of the second 

stage of the design process known as conceptual 

design. In this stage, usually, designers develop the 

concept based on the requirements list, which was 

created previously, in the end of the first stage. 

In any product, energy, material and information 

are listed as possible flows (fig.2) [4][5][9]. The 

conversion, which must be defined in quantitative, 

qualitative and economic terms, is known; the task of 

function is described based on inputs and outputs. 

Usually, one flow is prevailing, but in any system, a 

small flow of energy is required.  

 
 

 

 

 

 

 
Fig. 2 – The conversion of energy, material, information 

(after [4]) 

 

In the case of the washing machine, the main flow 

is material, but the energy and information flows are 

also present. Therefore, this system includes all three 

types of flow, this being one of the reasons of 

choosing this product to be the object of study. 

When creating the structure of functions for the 

washing machine designers identify the most 

appropriate principles and physical effects capable to 

fulfill each function. They also analyze the 

opportunity of adding or removing some functions.  

This is the moment in which the environmental 

objective or constrictions should be introduced. In the 

existing methodology, these constrictions are 

introduced as a part of the embodiment design stage 

when the design objectives should be fulfilled into an 

optimization process. This process is named after the 

main objective, in our case “Design for 

Environment” [6][8].  

However, into an improved methodology this 

concern should be transferred to the conceptual 

design stage. The motivation is simple; it is easier to 

create an optimal structure of functions, including all 

the necessary functions and look for the 

environmental safest working principles. In most of 

the cases, improvements are looked for starting from 

the “end of the pipe”, known as the environmental 

effect/impact. Then, they are implemented into the 

embodiment stage, by including solutions to reduce 

the effects, instead of building a sound function 

structure from the beginning of the process based on 

safer/friendlier physical effects and working principles. 

FUNCTION 

SYSTEM 

ENERGY ENERGY 

MATERIAL MATERIAL 

INFORMATION INFORMATION 
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Figure 3. Task of function for a washing machine, description based on inputs and outputs. 

 

 

 

 

 

 

 

 

 

 
a. 
 

 

 

 

 

 

 

 

 

 
b. 

Figure 4. The function structure in material flow. 
 

The variant of recycling the water represents a 

good example for reducing the environmental impact 

for a washing machine. Using less water (by 

recycling it) and finally evacuating a quasi-clean 

water is an important step towards improving the 

environmental performances of this type of product. 

This innovative idea can lead to a redesigned 

structure of functions, which includes a new one: 

recycling the water. 

The overall function for such a product is to 

convert an input of dirty laundry into an output of 

clean laundry, as shown in fig. 3. Inside the “black 

box”, there must be a process that separates the dirt 

from the laundry, and also the dirt itself must be a 

separate output. 
 

4. The structure of functions redesigned 

Figure 4.a presents the structure of functions for a 

washing machine having included the new function: 

water recycling. This new function will require the 

existence of a system capable to purify the water and 

probably to cool it before being drained. In order to 

purify and cool the water some auxiliary functions are 

required; they also will be positioned inside the 

material flow. The next function structure, presented 

in fig. 4.b, includes these two auxiliary functions 

necessary to fulfil the requirement regarding the 

water recycling.  

The process of creating the function structure is an 

iterative one. Therefore, changes can be performed 

until the end of the conceptual design stage, and even 

in the embodiment design stage. 

The new functions introduced into the structure, 

even they are auxiliary ones, require designers to find 

solutions. Like the main functions, the auxiliary 

functions are usually fulfilled by physical, chemical 

or biological processes [10]. A physical process 

fulfilled by the selected physical effects and the 

determined geometric and material characteristics 

results in a working interrelationship that fulfils the 

function in accordance with the task.  

In this case, the water can be cleaned up using 

physical (filtration, decantation), chemical or 

magnetic separation. The temperature can be 

decreased by radiation, heat transmitter etc. using an 

adequate geometry, and choosing solutions 

compatible with the existing ones, designers can 

conceive a more complex and complete product. For 

this situation, the criteria used to evaluate the 

solutions should include those regarding the 

environmental impact.  

Several physical effects may have to be combined 

in order to fulfil a function; also, a number of 

functions can be fulfilled by a single physical effect. 

For a washing machine, two functions, rinse and 

separate, can be combined in one, without affecting 
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the quality in fulfilling the functions (fig.4.b).  

Therefore, being more complex (two additional 

functions), this product will be more expensive than 

the usual ones, which do not recycle the water. 

Continuing to improve the project, designers can find 

solutions to reduce the costs, in order to compensate 

supplementary investments caused by the new 

function. For example, they can reduce the water used 

by improving the efficiency of the washing process, 

or can reduce the energy consumed by recycling 

some hot water. 

The product environmental impact is proportional 

to the duration in which the product is in use. 

Keeping the functioning parameters inside the 

designed specifications can be obtained by 

maintenance and periodical repairs or upgrading. 

Technical systems and products are subjected to wear 

and tear, the useful life reduction through corrosion, 

contamination and changes in time-dependent 

material properties. After a certain period whether in 

use or not, the actual condition of a system will no 

longer be the intended one. Deviations from the 

intended condition cannot always be recognised 

directly and can cause changes in performance, 

failures and dangerous situations [9]. This can reduce 

substantially the functionality, economy and safety 

and can influence the relationship between the 

product and the environment.  

Because systems and products have become more 

complex, maintenance, as a preventive measure, has 

become increasingly important. Thus, designers have 

a significant influence on maintenance costs and 

procedures through their selection of the principle 

solution and embodiment features (established in the 

previous phase).  

Usually, maintenance is related to safety, 

ergonomics and assembly. But, maintenance can 

affect the environment either directly (emissions, 

waste), or indirectly – by affecting the product 

functionality.  

Maintenance involves monitoring and assessing 

the actual condition of a system and maintaining or 

recovering the intended condition. Possible measures 

are [7][12]: service (maintaining the intended 

condition), inspection (monitoring and assessing the 

actual condition) and repair (recovering the intended 

condition). 

Maintenance requirements should have been 

included in the requirements list. When solutions 

have to be selected, easily maintained variants should 

be preferred. A technical solution should require, in 

principle, as few preventive measures as possible. 

The means are using components of almost identical 

life, reliability and safe. The chosen solution should 

thus incorporate features that make maintenance 

unnecessary or reduce it substantially. Only when 

such features cannot be fulfilled or are too costly, 

should service and inspection measures be 

introduced. Service measures usually refer to 

refilling, lubricating, conserving and cleaning.  

Inspection measures can be reduced to a minimum 

when the technical solution itself embodies direct 

safety techniques and thus promises high reliability.  

 

5. Conclusions 

In the process of product design or redesign, 

designers should evaluate the environmental impact 

for every stage of the product life cycle and focus on 

the stage the products are in use. In case of products 

present the main environmental impact during this 

stage, designers should include some new specific 

constrains regarding product use and maintain. 

The methodology should give the possibility of 

redesigning the structure of functions, both in 

quantitative way and concerning their inter-

relationships. In addition, the physical effects should 

be assessed together with the working principles that 

fulfill the functions from the new structure. 

The maintaining procedures and repairs 

performed to the product, contribute to the extension 

of the useful life of the product, but also can lead to a 

reduced environmental impact during product use.  
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ABSTRACT 

The goal of Lean TPM or TPM for lean organization approach is maintaining 

international competitiveness . This Lean TPM from our article, approach proposes tree 

additions to the current understanding of the TPM system: the 7Ss as a critical first step 

in any improvement program; instant maintenance; improvement setup operations. A 

company cannot make business gains solely by using cost-cutting measures because it 

cannot cost enough to become a world-class competitor. Instead, it must invest resources 

in productivity improvement. This generally increases factory throughput and cuts costs  

at the same time. Maintaining equipment in its optimal state and continually improving its 

productivity is the whole strategy behind TPM.  

The main objective of the 7S system is to grow the value added to each worker. To grow 

the added value, we must create ordered and well adjusted production lines based on the 

principles of the 7S’s: organization and order. Above all these two S’s bring to the 

factory standard positions and acknowledgement. Focus on the first two S’s brings a new 

perspective on understanding the 7S’s. 

 

Keywords: maintenance strategy, instantaneous maintenance, the TPM system development 

 

 

1. Introduction 

In today’s business environment companies have 

in view every possible advantage. In the first decade 

of the 2000’s, many firms directed their attention 

towards the optimization of their actives. Because 

firms realize that most of them don’t have actives or 

“hidden” processes, they must be more effective than 

their competitors in the usage of actives and 

processes. This competitive attention virtually 

implicates all the parts of the organization with 

impact on the effectiveness of actives. The area where 

the firm has the greatest impact is the maintenance 

department and those responsible with maintenance. 

Because maintenance has great impact on the status 

and capacity of actives, firms search for the best 

method for maintenance management. How did TPM 

evolve?  What hurried its development? TPM has its 

origins in Japan, as a strategy conceived to support 

the Total Quality Management strategy. Japanese 

realized that firms can’t produce goods of consistent 

quality with low equipment maintenance. 

TPM started its existence in the 50’s, their main 

objective being preventive maintenance. When a new 

tool was set, the purpose was to manufacturer’s 

specifications without deteriorating. 

In the 60’s TPM focused on productive 

maintenance, admitting the importance of liability, 

maintenance andeconomical efficiency regarding the 

factory’s project. 

Then, in the 70’s, TPM evolved into a strategy 

that focused on productive maintenance efficiency 

with the help of a comprehensive system based on 

individual respect and total involvement of 

employees. In this period the word “Total” vas added 

to PM. Interest towards TPM is accentuated these 

days. This interest helps companies enhance the value 

of their goods. 

 

2. Continuous improvement strategy 

The perspective on generalization of advanced 

production systems that uses modern managerial 

methods for fabrication processes imposes new 

exigencies on continuous quality improvement for 

production and products in contemporary firms. So, 

reaching high quality standards becomes the first 

objective that conditions good development for any 

activity. The importance given to the elaboration 

process and the quality of the implementation strategy 

is, in this context, more than obvious. Structurally 

integrated in the firm’s global strategy, quality 

strategy assures effect on future performances of the 

firm, construction possibilities, exploitation of 
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competition advantages and finding of behavioral 

procedures on different markets. 

In this context the interest towards 

conceptualization and implementation of KAIZEN 

shown in the last period on theoretical level but also 

on pragmatic level is legit. Continuous improvement 

strategy known under the Japanese name of KAIZEN 

represents an integrator strategy that appoints 

graduate and continuous improvement of 

management, firm activities and quality, productivity 

and competitive parameters with direct participation 

from the entire staff. Seen by a group of authors as 

the most important concept of Japanese management, 

the term KAIZEN is owed, in its original form, to the 

Japanese specialist Masaaki Imai[3]. This is the 

results of its efforts to investigate the causes of 

Japanese competitive environment. Masaaki Imai 

elaborated an extremely original and valuable work 

that he called “KAIZEN-the key to Japanese 

competitive environment”. In his opinion KAIZEN 

can be seen as an umbrella that gathers an ensemble 

of managerial practices and typical Japanese concepts 

as: total quality control, the “no defects” principle, 

just-in-time, quality circles, orientation towards 

costumers, productive maintenance etc. 

In its usual accept on KAIZEN is the result of a 

three-dimensional approach. First of all it is an 

integrated global strategy oriented towards 

continuous improvement of all the firm’s activities in 

a participative manner. On a pragmatic level 

KAIZEN is implemented under the form of a current 

managerial practice founded on the grounds of 

graduate improvement principle trough “small steps 

strategy”. 

The third face of KAIZEN is its interpretation as a 

result of typical Japanese mentality that places in the 

first row the human factor with its grounding, its 

experience, its endowment and motivation oriented 

towards the strategic objective of uninterrupted 

progress. 

Out of all Japanese managerial instruments known 

under the “KAIZEN umbrella”, the following knew a 

range of application: JIT (“Just-in-time”), the Taguchi 

method, total productivity maintenance, the “3S” and 

“5S” methods, suggestion system etc. 

Total Productive Maintenance (TPM) is a global 

administration technique, integrating equipments, 

aiming towards the growth of usage extent and life 

expectancy of machineries, with the participation of   

all workers. The principles of this method were 

brought to light for the first time in Japan in the 80’s 

as a result of researches made by a team of specialists 

from The Japanese Institute for Industrial 

Maintenance. TPM “includes more than the simple 

maintenance function, because we are talking about a 

global management technique where ALL the 

workers must contribute”. 

The term “total” which is included in the name of 

TPM method has three meanings that accentuate the 

main features of this kind of maintenance: total 

efficiency, meaning that the goal of TPM is 

achievement of economical efficiency or firm 

rentability; a total maintenance system that includes 

flaws prevention, corrective maintenance and 

preventive maintenance; total involvement of 

personnel that has in view autonomic maintenance 

made by workers that exploi machineries. 

In the KAIZEN perspective an infinity of small 

efforts creates the possibility that every day’s activity 

could be better than the last. 

 

2.1. The impact of maintenance strategy 
The purpose of every company is to increase its 

profit. This fact is true regardless of the mature of the 

company (if it is a public company that has 

shareholders or a private one). A complete strategy of 

maintenance/management of actives will increase 

profits by two main ways: reducing expenses and 

increasing capacity. 

When you improve an organization with reactive 

maintenance, they are immediately reduced. You 

need time to evaluate total reductions because 

transforming an organization with reactive 

maintenance into a proactive one, even when the best 

of decisions are taken, it can take from 3 to 5 years. 

If the organization focuses on maintenance, then it 

is possible for this business process to contribute to 

the firm’s profitability. It needs though the 

cooperation concentration of all departments and 

organization functions to be successful. 

2.2. The TPM system development 

The objective of innovative approach regarding 

TPM is to keep the company’s competitively. 

Japanese know-how thought the world how to 

produce cheap goods by reforming the fabrication 

process and using workers in a more efficient way. 

Reforming an existent system means rejecting the 

present state and presenting its weaknesses. If we 

don’t present these weaknesses, we will be incapable 

to improve the way we do things. This improvement 

idea leads to the three things that innovative approach 

brings to TPM in comparison to the present 

understanding of TPM: 

-The new 7S.  

-Instantaneous Maintenance. 

-Improvement of installation operations. 

The 5s system derives its name from the five 

Japanese words which define the process, they are: 

seiri, seiton, seiso, seiketsu and shitsuke. Translated 

into English they are: sort, set in order, shine, 

standardize and sustain. The guiding principles 

underlying the 5S system involve organization, 

cleanliness and standardization. Overall workplace 

cleanliness, created by removing waste from the work 

area, promotes internal organization and enhances 

visual communication. Now, system is named 7S 

after integrated safety and environment rules. 

The main objective of the 7S system is to grow 

the value added to each worker. To grow the added 

value, we must create ordered and well adjusted 
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production lines based on the principles of the 7S’s: 

organization and order. Above all these two S’s bring 

to the factory standard positions and 

acknowledgement. Focus on the first two S’s brings a 

new perspective on understanding the 7S’s. 

Operators ask maintenance technicians every time 

equipment beaks down. Technicians come and fix the 

equipment while operators take a break. 

This scenario divides work force in two kinds of 

persons: the ones that make the equipment break 

down and those that fix it. It’s almost like cartoons. 

The solution for this loss is instantaneous 

maintenance. 

Instantaneous maintenance is a technology that 

allows fixing the equipment to its initial state in three 

minutes since its break down. It’s important that the 

operators achieve qualities necessary fir instantaneous 

maintenance. If we are attentive in implementing, this 

will lead, in a natural manner, to improvements in 

daily inspections and maintenance and improvement 

of planned maintenance. It should save the 

company’s money because you won’t depend on the 

equipments manufacturers to do maintenance and 

repair. 

Improving adjustment means reducing operations 

for production lines adaptation to one single step or 

even their elimination. Factories that implement it 

correctly can eliminate the problem of minor stops 

likewise checking and regulating after the adaptation 

of the production line. 

This new innovative approach of TPM is built on 

the same three pylons, as on other methods that 

identify the seven types of losses connected to total 

productive maintenance (TPM). 

Most of the losses in the factory come from 

inappropriate implementation of TPM as is shown in 

Table 1. 
Table 1 - Seven types of waste[4] 

No Types of waste 

1 Minor,medium and major interupments. 

2 Interminable adjusting time. 

3 Manual remodeling, defects, defective 

products. 

4 Planed dead points. 

5 Incomplete application of 2S’s. 

6 Over-production caused by large 

equipments. 

7 Equipment problems at the begining of 

production. 

  

 

The first basic source for this type of wasted  

efforts isequipment installation without correlating 

with production volume. This thing means that, for 

example, more small lots on specialized machinery 

and large lots in processing centers. 

2.3. Benefits of correct implementation of 7S’s 

A way to improve precision for the entire 

production and maintenance work in the factory is to 

give people an extremely organized work 

environment where a big part of their work is 

controlled visually. 

The visual workplace is an ideal one with no 

defects and no anomalies. 

The first step in creating a visual workplace is the 

7S organization. A visual workplace is capable to 

assure the following benefits: 

-There is nothing extra or necessary. 

-Storing areas are clearly defined. 

-There is a place for every object and everything 

is in its place. 

-The workplace is kept clean. 

-Objects, information, plans and processes are 

immediately recognizable. 

-It is easy to what is normal and what is not. 

-Bureaucratize is simplified and minimalized. 

-Rests and abnormities are immediately 

recognized by anyone. 

-Product flux, deviations from standards is visible 

at one gleans. 

-Standard procedures are easy to understand . 

-Quality is raised. 

-Productivity is raised. 

The three steps must be followed in order to be 

successful in this approach. First of all, make sure 

that your top managers are acting in the same 

direction. If they hope to reach the objectives of the 

2S’s of organization and order, managers must 

primarily give a good example. Otherwise, the can 

talk as long as they want, but employees won’t listen. 

7S has turned into a very popular program at the 

workplace. 
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Many 7S campaigns fail because they are 

implemented under the form of a “look at us” 

campaign, projected more to impress visitors then to 

realize real improvements at the workplace. This 

approach has 3 defects: 

1. Workers gain nothing from 7S activities. 

2. 7S’s campaigns become objectives. 

3. 7S’s activities happen just during campaigns. 

In this situation, the factory could be clean during 

the campaign, but it returns to the initial mess as soon 

as the campaign stops. An authentic 7S system keeps 

its position until achieving the final goal, that is not 

just improving the factory, but improving the 

fabrication process. 

3. Conclusions 

It is extremely hard to keep the 7S’s at the level 

that we ask. It could be possible for a conscientious 

person to follow the 7S’s successfully, but while the 

factory develops problems get out of control. 

Sometimes it can take up to 10 years for a company 

to include in its usual procedures the 7S’s, and the 

habit is seen by employees as a problem. 

Reforming an existent system means rejecting the 

 actual state and exposing its weaknesses. If we don’t 

 expose these weaknesses, we will be incapable to 

improve the way we do things. 

Thos improvement idea leads to the three 

things that innovative approach brings to TPM in 

comparison to the actual understanding of the TPM 

system: 7S, instantaneous maintenance, improved 

installation and adjusting operations. 
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ABSTRACT 

The Quality Risk Management is a valuable component of an Efficient Quality 

Management System. This approach has a specific importance in a virility risk sensitive 

industries. The paper presents a short review of a new statistical method for Quality Risk 

Management, theoretical elements and practical case study. Based on the fundamental 

importance of the process stability and capability, are defined quality risk functions 

through Partitioned Multi-objective Quality Risk Method, mathematical formulation of 

the risk of quality non-conformities, the quality risk impact, represented by the 

application of an economical optimization model in product manufacturing. 

Keywords: Quality Risk Management, Partitioned Multi-objective Risk Method 

 
1. Introduction 

In a quality risk-sensitive industries (e.g. nuclear 

energy, aviation, car manufacturing, drug 

manufacturing, etc.) the manufactured product (or 

process) nonconformities can represent a serious risk 

to the client. Therefore, these products are 

manufactured in a strongly regulated environment 

through the entire life-cycle of the product, 

respectively through the whole product realization 

process. The present status and the new trends have 

shown that the inherent quality risk management 

existing in Quality Management Systems is not 

satisfactory in these areas and a systematic, regulated 

process is needed. In the same time, in addition to the 

qualitative risk management methods, efficient 

quantitative, statistics hated methods and instruments 

are required [1].  

 

2. Statistical tools for quality risk analysis 

 

2.1 Partitioned Multi-objective Risk Method 

As a new mathematical instrument for quality risk 

analysis, the Partitioned Multi-objective Risk Method 

(PMRM) [2] can be one of these statistical tools. The 

need for the method is originating in the fallacy of the 

expected value when it is used as the sole criterion for 

risk evaluation in decision making. A conditional 

expectation is defined as the expected value of a 

random variable, given that this value lies within 

some pre-specified probability range. The concept of 

the expected value of damage, in the PMRM is 

extended to generate multiple conditional expected 

value functions, each associated with a particular 

range of exceedance probabilities or their 

corresponding range of damage severities. 

 

 
Fig. 1 - Partitioned zones representation  

 

The quality parameter distribution in general can 

be considered normal. Thus, the probability density 

function  f (x) for variable x, respectively the standard 

probability density function (u) [and standard 

distribution function (u)] for the transformed 

variable u, for three partitioned zones are represented 

in Figure 2.  
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The mathematical relations for f (x), (u) and 

(u) are represented by the relations (1)...(3), where 

 is the process mean,   the standard deviation [1]. It 

can be observed, that zone I. and II. are representing 

in fact conformance with specifications, that is, the 

quality parameter is situated inside the tolerance area.  

However, for certain cases, establishing 

uniformity requirements can be useful to emphasize 

the exceedance of alert limits (Lav Uav), respectively  

(u2av  u1av) Zone III with high severity and low 

probability, is in fact the area of quality non 

conformities (rejects). For these zones, it can be 

established the quality risk functions, ri+1 i=1,2,3. 

characterizing the severity of the risks. The resulting 

functions, in conjunction with the traditional expected 

value, provide a family of risk measures associated 

with a particular risk management policy. The quality 

parameter conditional expected value approached 

through PMRM„ may be an important tool for 

studying "extreme" events with low exceedance 

probability but high severity, because in high-quality 

manufacturing a defect can be considered an extreme 

event, respectively with an extremely rare 

appearance.  

 

2.2  Quality risk functions 

The quality risk function r4 () for zone III, has two 

one-sided formulations r4U () for exceedance of the 

upper tolerance limit, and r4L () for the lower limit. 

These relations and their related probabilities, for 

normal distribution are expressed by relations 

(4)...(7), where u1=(U - ) /  , u2 = (L-) /  [1], [2].  

 
 

The above presented quality functions represent 

the conditional expected value of the quality 

parameter. Using these functions, respectively the 

quality risk definition, that is the combination 

(product) of the probability of occurrence of the 

nonconformity and the severity of that 

nonconformity, the related relations for the quality 

risk (appearance of non-conform products/rejects by 

exceeding the specified limits U and L) can be 

expressed by the relations (8) and (9):  

 
 

The unconditional expected value is expressed by 

the well-known relation r5 () =  . The function r1 () 

is reserved for the quality management cost. These 

five risk functions can be used in a multi-objective 

optimization process, for supporting a quality 

decision analysis [1], [2]. The probability of non-

conform product appearance (defects, rejects) in a 

technological process can be characterized through 

process capability (or process capability indices Cp), 

that is the process ability to realize products with pre-

specified parameters, between specified tolerance 

limits. The process mean (expected value) shift is a 

process instability causing factor, affecting the 

process capability and thus influencing the quality 

risk (the appearance of non-conform products, with 

quality parameters situating out-side of 

specified/tolerance limits - see Figure 2.). Defining 

the quality risk functions and the related probabilities 

for two cases of tolerance limits exceedance (L. 

respectively U), the mathematical relations of quality 

risk for non-conforming quality parameter appearing 

are presented by the relations (10),( I 1).  

 

 
Fig. 2 - Process mean shift representation 

 

In the same time can be demonstrated the 

following relation, respectively an increasing of 

quality risk in case of process mean shift: 
 

 
 

2.3 Case study of a production process 

Process optimization mathematical model (filling 

process), based on minimizing of production expected 

cost with reprocessing, is expressed by the relation 

(13), where  is the expected production cost per 
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product produced [I], [3]. The values for optimal 

expected cost,  * and U * are obtained by solving 

the system of equations (14),(15), R, C, M are process 

parameters.  

 
Fig. 3 - Symmetrical and optimum cases. 

 

In the following example an ointment tube filling 

process will be presented. Two cases will be 

comparatively studied, for establishing the process 

mean, respectively the tolerance limits (Figure S.): a) 

is the generally used „symmetrical case' (process 

mean on the center of tolerance area) and b.) the 

„optimum case" ( *. U *) 

 

 
 

The process mean for symmetrical case is 45 g, 

the specified lower limit is 43,65 g. Relations for 

production cost calculus are presented by (16), (17).  

 

 
 

The following process parameters are known, 

filled material cost C= 0,1 lei/g; product reprocessing 

cost R=0,2 RON/unit. Process parameter M is 

calculated by the relation M=R/C, and for solving 

the equation system (14)-05), a computer program is 

utilized [I].  

Quality risks are calculated by relations (8), (9) 

and the case study is realized for different process 

capabilities Cp. The graphical representations for 

production costs and quality risks, related to the 

appearance of non-conform products/rejects by 

exceeding the specified limits U and L. are presented 

in Figure 4. and 5.  

 

 
Fig. 4 - Production costs as functions of Cp 

 

2.4 Conclusions  

It can be observed that the “price paying” for the 

economical optimum is an increase in quality risk, 

respectively in increasing of global exceedance 

probability of tolerance limits, expressed by the 

relation (18), and the production management has to 

consider this important aspect. Additionally, use of 

QRM can improve the decision making, if a quality 

problem arises. 

 
Fig. 5 - Quality risks as functions of Cp 

 

Effective QRM can facilitate better and more 

informed decisions [1], can provide regulators with 

greater assurance of a company's ability to deal with 

potential risks. 
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Abstract 

This paper presents an initiative developed by two partner universities from Romania and 

Norway, entitled “Innovative Tools and Models for Vocational Education and Training in 

Central and Western Romania” (MoVE-IT), financed by EEA financial mechanism. It has 

the priority to develop human resource through promotion of education and training, by 

means of distance learning. The objective is to renovate the teaching infrastructure used 

by specialists in vocational education. The main outcome and results of MoVE-IT project 

are presented: modernize the ICT infrastructure, install modern technical ICT and video 

equipment at 2-3 regional vocational schools, instruct the trainers, deliver vocational 

training, develop a “good circle” for tailor made training programme. 

Keywords: vocational education and training, information and communication technology, pedagogical method, 

teaching infrastructure, advanced educational technology, multimedia, blended learning environment 

 
1. Introduction 

Flexibility seems to be the core concept of 

economic and educational change in our time [3]. It 

is an input/throughput factor for the delivery of 

required competencies to respond to social and 

economic demands in the various economies in the 

European community, as described by Nieuwenhuis 

et al. (2003). With this view vocational education 

and training providers are making efforts to find the 

good technical solutions for delivering programmes. 

Concerning pedagogy and learning experiences [2], 

integration of the results of decades of research on 

learning and development of information and 

communication technology (ICT) based instructional 

environments allows the formulation of a novel 

repertoire of pedagogical solutions (Nachmias et al., 

2008).  

 “Petru Maior” University of Tirgu Mures is 

currently offering vocational education and training 

in Central and Western parts of Romania. UPM will 

enhance the attractiveness, access and participation 

into vocational training by utilizing best experiences 

from successful large scale continuing training 

activities in Norway. This includes utilization of state 

of the art technical ICT solutions and video services, 

a range of new pedagogical methods, and a symbiotic 

relationship development between the educational 

system and: a) the local community, b) regional 

schools, and c) the working life in local industry [4].  

The very successful EU-supported Leonardo da 

Vinci (LdV) pilot project MECCA [7] utilized state 

of the art technological ICT - and video solutions to 

simplify and improve the access to vocational 

training. It developed brand new pedagogical 

methods that enhanced the attractiveness and 

participation in vocational training and education.  

This included development, testing and validation of 

new, state of the art vocational training methods in 

industry [5, 6]. On this background two partner 

universities from Romania, “Petru Maior” University 

of Tirgu Mures (UPM) and Norway, Sør-Trøndelag 

University Trondheim (HiST), have developed the 

project “Innovative Tools and Models for Vocational 

Education and Training in Central and Western 

Romania” (MoVE-IT), financed by the EEA 

financial mechanism [10]. 

 

2. Objective 

The MoVE-IT project main objective is to 

renovate the teaching infrastructure used by 

specialists in vocational education, and improve 

vocational training quality and making it more 

adaptable to the Romanian labour market by 
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arranging a new vocational care teaching program in 

Central and Western parts of Romania. 

The later includes dissemination of a model for 

organizing and delivering professional viable 

vocational training comprising of competence 

transfer, competence export, network building, and 

schools association development within a regional 

development perspective. The training delivery 

utilizes state of the art ICT solutions and video 

services, to improve vocational training services and 

solutions. 

 

3. Long distance and low frequency  

     learning department 

“Petru Maior” University of Tirgu Mures is the 

main development centre for human resources and 

higher education in the Mures region. 

Since 2000, within the university operates the 

Long-Distance and Low-Frequency Learning 

Department (LDLFLD). 

The university is an important institution with 

direct links with industry, providing services and 

short-term courses that reflect needs from market. It 

has affirmed itself as an important development 

factor in development of relations with the industry 

by offering short term training courses to industry 

under market conditions.  

The link with industry is ensured by the 

permanent contact with the local Chamber of 

Commerce and Industry, with the enterprises in the 

area, as well as with other institutions interested in 

updating and retraining their staff.  

In the area of Internet and telecommunications, 

UPM is among the first five major Internet Service 

Providers in the Romanian academic world 

(RoEduNet). This provides the necessary 

infrastructure for Advanced Educational 

Technologies in Education. 

Concerning the updating of technical education, 

the use of new technologies, based on multimedia 

and modern communications techniques is of most 

importance for UPM. 

 The development of short-term studies along with 

the long-term form is very important, taking into 

account the actual needs of the economy and the 

future development of the country. It is also very 

important to develop post-graduate studies, mainly in 

the fields having an important impact in economy and 

research. 

In the field of continuous education, the priorities 

of the university are the development of a study 

centre for distance and continuous education and of a 

studio for the production of educational materials 

using multimedia technology, activities already in 

course of implementation.  

The creation of a special department for Open 

and Distance Learning (LDLFLD) in the university 

was the first step in offering to this type of education 

the place that it deserves in our future development 

plans. During the last academic year, LDLFLD knew 

a very important development, seven new 

specialization have been created and almost 1800 

students are enrolled.  

UPM gives very much attention to the 

improvement of the quality of learning process, to 

promote access to new and innovative methods and 

educational resources and the large implications of 

ICT in education. 

The participation of the UPM in European 

projects has a significant and benefice impact on all 

the aspects of education, both inside the university 

and the local community but also in development of 

the regional industry. 

In the field of European grants dedicated to the 

distance learning, UPM has coordinated many 

previous projects, as a support for the development 

of this grant, like: 

• Distance education and profile specialization in 

total quality management (TQM) using new learning 

technologies, Project CNFIS PM Code 231/2000, 

financed by World Bank and Romanian Govern; 

• Training of trainers for implementing life-long 

learning regarding environmental management by 

using ICT, Leonardo da Vinci Project; 

• Development of relevant and innovative e-

learning content in the field of management of 

integrated systems, Leonardo da Vinci Project. 

 

4. Partnership 

The consortium envisaged in the project consists 

of the following organisations: „Petru Maior” 

University of Tirgu Mures Romania (UPM) [8] the 

coordinator of the project and Sør-Trøndelag 

University College (HiST) [9], which is a regional 

actor, recruiting their students from the region of 

Mid-Norway.  

HiST offers the widest bachelor programs in 

Norway and the largest commercial program for 

open and distance learning solutions at university 

level in Norway. Their staffs have key competence 

within application of state of the art digital media, 

video streaming and videoconferencing solutions for 

in-company training/education and train-the-trainer 

solutions, and integration of traditional educational 

models with new pedagogical methods adapted for 

video communication.  

The role of HiST is: 

- offer independent technical guidance and  

counselling to UPM that targets selection of 

equipment, and state of the art construction of the 

physical  infrastructure according to needs in 

Romania; 

- offer pedagogical advices targeting inclusion of 

effective training principles into vocational training; 

- offer instructor training to staff at UPM and the 

2-3 participating vocational schools; 

- offer necessary support to UPM during the phase 

where it validates the infrastructure by delivering 

vocational training. 
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5. Bilateral relations 

The project contributes in strengthening the 

relations between Romania and Norway in different 

areas: 

a) Establish new cooperation within the 

educational sector through the knowledge transfer of 

pedagogical know-how related to video technologies 

and blended learning. This cooperation will be 

established with Norwegian leading edge companies 

in their fields and UPM. The first phase of the project 

will see a direct knowledge transfer and cooperation 

while in the latter part of the project UPM will use 

these companies more on a consulting basis, but on 

the same time broaden their cooperation in scope. 

b) The project will strengthen the industrial 

cooperation between Romania and Norway, due to 

the industrial seminars that will be carried out both in 

Romania for this purpose. The nature of the training 

courses and its targeted audience, namely welding, 

will stimulate the use of the special strength of both 

nations in the education, stimulating further 

cooperation. 

c) The use of video technologies will enable the 

project to utilize teaching expertise from Romania 

and Norway in a blended learning environment. This 

will stimulate the exchange of teacher and students 

and increase their mobility. Due to the countries 

diversified industrial sectors also highly application 

oriented courses may be developed on a joint basis. 

Additionally, the international relations positions 

UPM as a natural hub for and course provider for the 

Romanian industry in Central and Western parts of 

the country. By utilizing modern ICT and video 

technologies the international communication and 

cooperation facilities puts the UPM in “the 

champion’s league” as the natural national hub for 

such activities. 

 

6. Legal issues 

The project complies with the EU legislation and 

Occupation European Strategy [11], as a main 

instrument for ensuring the direction and coordination 

of the occupational policies priorities in the member 

states. 

The project is a none-competitive project and do 

not inter fear with and competitive situation in 

Romania or Norway. The project relates to 

knowledge transfer and enhancement of competence 

and know-how. State aid rules and public 

procurements rules will be followed and open calls 

for tender will be used for the investment in 

infrastructure and video technologies when 

purchased. 

Environment, external, will not be affected 

directly by the project. However the environmental 

issues will be dealt with in the envisaged courses in a 

positive manner as training is transferred using high 

quality videoconferencing. This includes avoiding a 

significant number of airborne trips between the 

countries without loss of necessary contact and 

communication between the teacher (expert) and the 

geographically separated students due presence at 

distance, thus ultimately protecting the environment.  

The project team will try to utilize the same 

technological principles in order to reduce the 

travelling. It will be necessary to have initial meetings 

in order to initiate the contacts and some regular 

meetings in order to discuss special topics. However, 

the follow up on the daily basis during the project 

will as far as possible be done through state of the art 

professional videoconferencing solutions. This is 

expected to protect the environment in a very positive 

way. 

The consortium believes that the project will 

contribute to the implementation of PED 97/23EG 

(Pressure Equipment Directive) both in Romania and 

in Norway through the development of relevant 

courses and modules covering the basic requirements 

for the industry.  

Additional background information related to 

PED may be developed in order to highlight the 

benefits for Romanian industry when complying with 

the directive. 

The project is compliant with:  

• The National Reforms Plan [12] aiming at 

reaching of the economical performances and 

occupation recommended in the Lisbon Strategy, 

correlated with a justly social system, elements that 

will assure to Romania a durable development, the 

priority: stimulation of the human resources 

employment and improvement of human resources 

quality; 

• The National Development Plan [13] for the 

period 2007-2013, the priorities: development of 

human resources; decrease of the development 

disparities between the regions of the country; 

• The National Reference Strategic Framework 

2007-20013 [14], the priorities: development and 

more efficient employment of the human resources in 

Romania; promotion of the equilibrated territorial 

development; 

• The Operational Sectored Program for Human 

Resources Development 2007-2013 (POS DRU) [15]; 

• “Petru Maior” University - Strategic 

Development Plan [16]; 

• “Petru Maior” University - Operational Plan 

2008 [17]. 

 

7. Outcome and results 

The main outcome and results of the MoVEIT 

project are: 

a) Modernize the existing ICT infrastructure at 

UPM by developing 2 state of the art computer 

technology labs, 1 digital classroom, and 1 video 

laboratory; 

b) Install modern technical ICT and video 

equipment at 2-3 regional vocational schools that will 

act as regional study - and competence centres. The 

equipment may be used by their regular day students, 

local vocational training of staff in industrial 

350 

 



 

 

 

companies, and transfer and/or export of training 

within the network consisting of UPM, the vocational 

schools and industry; 

c) Deliver instructor training targeting use of 

technology and new pedagogical methods; 

d) Enhance training delivery through regional 

seminars at the vocational schools; 

e) Deliver vocational training at each of the 2-3 

vocational schools sites; 

f) Develop and maintain a web-page for 

dissemination of projects results in Romania. A 

summary of activities and results shall be provided in 

English for dissemination at European scale;   

g) Develop a “good circle” for tailor made 

training programmes providing vivid and cost-

efficient distribution of income and expenditure 

between the teachers, the regional schools, and UPM; 

h) Improve and simplify administration of training 

activities by extending existing Learning 

Management Solutions for effective deliverance of 

educational material from teachers to students; 

i) Arrange a national conference where use of 

state of the art high quality ICT and video solutions 

within vocational training are demonstrated and 

disseminated. 

 

8. Discussion and conclusions 

A dedicated video network infrastructure is in 

construction in Central and Western parts of 

Romania, during the period 2009-2011, with an EEA 

financial mechanism support, managed by the “Petru 

Maior” University of Tirgu Mures in Romania. The 

teachers, students at campus, and external students 

participating through videoconferencing, should 

manage using a well-designed video network.  

According to Lassing, (2007), the teaching and 

training functions are consequently seen as a key 

factor in the development of a well-functioning and 

responsive VET system [1].  

The educational framework may be used in 

different training environments and skills upgrading 

contexts. The training methodology has not been 

designed for a special delivery method. It is possible 

to use a highly structured and rigid structure, whereby 

the instructor may control and verify all the training 

steps of the student.  

The instructor must plan for a number of activities, 

and must make up a plan for how to add the 

theoretical elements as well as how to present and 

initiate cases and practical tasks into the course. The 

instructors may select among a number of educational 

resources, including selection of video elements or 

multimedia material that will be used for presentation 

of a problem or a case.  

Thus, the delivery of the educational content will 

as a consequence not be very dependent of the 

technological infrastructure like limitations in 

bandwidth and hardware.  

 

 

Acknowledgement 

Supported by a grant financed by Iceland, 

Liechtenstein and Norway through the European 

Economic Area Financial Mechanism for Economic 

Growth and Sustainable Development in Romania. 

 

References 

[1] Lassnigg, L. (2003), Shaping Flexibility in 

Vocational Education and Training. Chapter 

12: Professionalism as a path for the reform of 

VET systems, Wim J. Nijhof, Anja Heikkinen, 

Loek F.M. Nieuwenhuis, Eds., Kluwer 

Academic Publishers, New York, pp. 183-205. 

[2] Nachmias, R., Mioduser, D. and Forkosh-Baruch, 

A. (2008), Innovative Pedagogical Practices 

Using Technology: The Curriculum Perspective. 

Springer International Handbook of Information 

Technology in Primary and Secondary 

Education, J. Voogt, G. Knezek Eds., Springer 

Science+Business media, Vol. 20, pp 163-179. 

[3] Nieuwenhuis, L. F.M., Nijhof, W.J. and 

Heikkinen, A. (2003), Shaping Flexibility in 

vocational Education and Training. Chapter 1: 

Shaping conditions for a flexible VET. Wim J. 

Nijhof, Anja Heikkinen, Loek F.M. 

Nieuwenhuis, Ed., Kluwer Academic 

Publishers, New York, pp. 3-14. 

[4] Stav, J.B. and Moldovan, L. (2008), Innovative 

Tools and Models for Vocational Education and 

Training in Central and Western Romania. 

Scientific Bulletin of the Petru Maior University 

Tirgu Mures, Vol. 4 (XXI), pp. 147-151. 

[5] Stav, J.B., Tsalapatas, H., Thorseth, T.M. and 

Kalantzis, C. (2004), Infrastructure of Scientific 

eLearning Managment Services, Proc. 

World Conference on Educational Multimedia, 

Hypermedia and Telecommun, pp. 168-174. 

[6] Stav, J. B. and Tsalapatas H. (2003), Open, 

Dynamic Content and e-Learning Management 

Infrastructure for Engineering and Natural 

Sciences, Proc. of the 2
nd

 European Conference 

on eLearning, Glasgow, pp. 263-272. 

[7] http://prosjekt.hist.no/mecca 

[8] http://www.upm.ro 

[9] http://www.hist.no 

[10] http://www.eeagrants.org/  

[11] http://ec.europa.eu/employment_social/ 

employme nt_strategy/index_en.htm 

[12] http://www.guv.ro/obiective/200705/pnr_ro_ 

oficial_2.pdf) for the period 2007—2012 

[13] http://www.fonduri-

ue.ro/upload/118951881348.pdf 

[14] http://www.fonduri-

ue.ro/upload/118951881348.pdf 

[15] http://www.fonduri-

structurale.ro/Detaliu.aspx?t=resurseumane 

[16] http://www.upm.ro/conducerea/docs/plan_str 

ategic_ de_dezvoltare_2008-2012.pdf. 

[17] http://www.upm.ro/conducerea/docs/plan_ ope 

rational_2008.pdf. 

351 

 



 

The 4
th

 edition of the 

Interdisciplinarity in Engineering International Conference  

 “Petru Maior” University of Tîrgu Mureş, Romania, 2009 

 

 

 

 

 

 

 

SUSTAINABLE DEVELOPMENT AND ENVISED IMPACT 

OF THE MoVE-IT PROJECT  
 

Liviu MOLDOVAN 

“Petru Maior” University of Tirgu Mures 

1 Nicolae Iorga street, 540088 Tirgu Mures, Romania  

mliviu@engineering.upm.ro 

 

Abstract 

This paper presents aspect related to sustainable development and impact of the project 

entitled “Innovative Tools and Models for Vocational Education and Training in Central 

and Western Romania” (MoVE-IT), developed by two partner universities from Romania 

and Norway, that is financed by the EEA financial mechanism. Sustainable development 

can be pursued in many different ways, but in this paper we discuss the two aspects of 

sustainability: economic and social. Also the envisaged impact is presented, which consist 

to select technical solutions that are adapted to available bandwidth, and establish 

training solutions that are accommodated to the telecommunication costs. 

 

Keywords: vocational education and training, sustainable development, impact, video infrastructure, in-company 
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1. Introduction 

EU directives, harmonized standards, and new 

training methods [6] promote new production systems 

where outsourcing of knowledge-based production is 

frequently used as a necessary process, advocated 

Stav et al. (2007a). Training offered in combination 

with job and industrial production activities, is one of 

the best available training methods since it is planned, 

organized and conducted at the employee's worksite 

[11]. Such training will generally be the primary 

method used for broadening employee skills and 

increasing productivity (Tsalapatas et al., 2007). The 

knowledge transfer during an outsourcing process has 

been studied by Stav et al. (2006b). Unlike traditional 

training the knowledge and competence transfer may 

face challenges related to semantic interoperability 

problems, as well as cultural dependent behavior. 

Lack of semantic interoperability in the 

communication process is one of the core problems 

within an outsourcing process [5]. 

In order to renovate the teaching infrastructure 

used by specialists in vocational education, and to 

improve vocational training quality and making it 

more adaptable to the Romanian labour market, two 

partner universities: “Petru Maior” University of 

Tirgu Mures in Romania (UPM) and Sør-Trøndelag 

University Trondheim in Norway (HiST), have 

developed the project “Innovative Tools and Models 

for Vocational Education and Training in Central and 

Western Romania” (MoVE-IT) [16], with the scope 

to arrange a new vocational teaching program in 

Central and Western parts of Romania. 

It includes dissemination of a model [4,7] for 

organizing and delivering professional viable 

vocational training comprising of competence 

transfer, competence export, network building, and 

schools association development within a regional 

development perspective, as presented by Stav et al. 

(2006a and 2007b). The training delivery utilizes 

state of the art information and communication 

technology (ICT) solutions and video services [8], to 

improve vocational training services and solutions, 

which are presented by Stav and Moldovan (2008a). 

Knudsen (2002) shows that in a manufacturing 

environment where training revolves around specific 

processes and tasks typically demonstrated by an 

expert in real-life conditions, visual presentations 

provide a vivid means for know-how transfer [2]. 

Pictures, images and video help learners understand 

concepts and implementation steps better than oral 

explanations (Tsalapatas et al., 2007). The 

communication technology itself offers real time 

learning experiences although teachers and students 

work and collaborate together without being 

physically at the same geographical location [9]. Such 

distance learning environments use a blend of 

technologies mixing for instance face-to-face 

training, virtual learning through Learning 
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Management Systems, video streaming and inclusion 

of state of the art videoconferencing solutions. The 

design of the digital classrooms adapted for video 

communication is important. Such rooms offer 

teachers and tutors dedicated facilities for effective 

use of videoconferencing as a convenient 

synchronous communication channel towards remote 

groups of distributed students, as presented by Stav 

(2008b). Experiences [10] with employment of high 

quality video services in teaching have been 

described by Stav and Eng (2009). 

 

2. Sustainable development  

According to Komiyama and Takeuchi (2006), 

today, “sustainability” is recognized the world over as 

a key issue facing twenty-first century [3]. Hanson, 

(2003) shows that the challenge of sustainable 

development is the reconciliation of society's 

development goals with the planet's environmental 

limits over the long term [1]. 

Sustainable development can be pursued in many 

different ways [13]. Stakeholder relations 

management is one way, through which corporations 

are confronted with economic, social and 

environmental stakeholder claims, as described by 

Steuer et al. (2005).  

Most sustainable development initiatives have 

been developed in isolation of business activity and 

are not yet directly linked to business strategy [12]. 

One way to strengthen the link between the two is to 

measure the extent to which a company's performance 

increases as a result of implementing sustainable 

development initiatives. Szekey and Knirsch (2005) 

have presented metrics used by companies to measure 

sustainability. Also operational research has yet to be 

fully utilized in this area, which tends to deal with the 

relationship between environmental management and 

product supply chain and rarely focused on the social 

dimension [14], advocated White and Lee (2009). 

For the MoVE-IT project, we discuss in this paper 

the two aspects of sustainability: economic and 

social. 

A) Sustainable development – economic. The 

project results are developed in different areas: 

a) UPM and the network of vocational schools get 

access to modern ICT and video technologies, and 

knowledge associated to these technologies. This 

allow the organisations to exploit the knowledge in 

the forthcoming years for their own development of 

courses and services at different technical levels. 

Additionally, they are able to exploit new market 

opportunities both nationally as well as 

internationally.  

b) The know-how and technology obtained 

through the project has a generic nature and can be 

applied to all kind of vocational education. UPM may 

also exploit new business by transferring their 

obtained knowledge to other players in the 

educational sector in Romania or abroad, thus 

strengthening their income. 

c) The growing need for personnel with technical 

education within the Romanian industry creates a new 

opportunity for business services which can be 

exploited by UPM. These services can be course 

development of general nature. The need for bespoke 

course development will increase drastically as the 

industry is becoming more specialized. The 

internationalisation of industry in Romania will foster 

a differentiated course development in order to meet 

the needs. UPM's unique position with its 

international cooperation, quality assurance services, 

and knowledge make them to be the natural contact 

points for such activities. 

B) Sustainable development – social. 

The project has a social dimension as it paves the way 

for a life-long learning possibility for personnel 

within the industrial sector as well as for personnel 

who have been temporarily out of work, e.g. women 

which have given care to their children for a limited 

time period. The consortium believes that this attitude 

and focus is of common interest both for the 

employees as well as the trade unions and other 

employee organizations. Since this is the first time 

ICT and video technologies will be implemented in 

such a large scale within vocational training, it is 

assumed that the interest created around the project 

will be of benefit for all parties involved and 

stimulate life-long education. 

The membership in EU has lead to an “export” of 

skilled personnel and professionals with expert 

knowledge in the technical field. It has been a 

steadily increase from countries in Eastern to 

countries like UK, Ireland, Germany and Norway 

which experience a boost in their economy. However, 

although they receive foreign currency the 

communities suffers due to the loss of their highly 

skilled personnel.  

Similar developments are expected to occur in 

Romania. This will lead to a lack of technical 

personnel for the Romanian industry which now have 

to seek this type of employees from other countries. 

On a long term basis this is an increasing threat to the 

Romanian industrial growth. The project therefore 

stimulates and focuses onto vocational education and 

attracts more students to it due to the implementation 

of state-of-the-art technologies offering the possibility 

to utilize teaching resources from all over the world 

when needed. 

 

3. Impact 

The impact envisaged is to select technical 

solutions that are adapted to available bandwidth, and 

establish training solutions that are accommodated to 

the telecommunication costs. The training solutions 

shall identify good practises that underpin the 

capacity for innovation, as well as expansion of 

capacity, in vocational training. The participating 

training organisations and industrial companies may 

utilize the new training environment to offer and 

receive a broad range of specialized courses. 
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● Why: Modern ICT- and video solutions are 

today successfully used to provide large scale training 

activities to staff in industry and people living in rural 

areas in Norway. In-company training is one of the 

critical skills and key constraints to economic growth 

and development in Central and Western Romania, 

and a range of new international standards developed 

support immediate needs for skills development in 

industrial applications and practices. The project will 

promote social inclusion in the region. MoVE-IT 

solve this challenging problem by disseminating and 

deploying successful state of the art large scale skills 

upgrading solutions from Norway to Romania. This 

includes developing a technical infrastructure that 

supports the application of quality assurance services 

for institutions dealing with vocational training. Thus, 

it promotes the establishment and development of 

quality control culture that targets the technical 

infrastructure, the pedagogical methods, the teaching 

quality management, and the administrative level in 

industrial training.  

● What: MoVE-IT integrates development and 

professional planning and testing of the ICT- and 

video infrastructure, in combination with instructor 

training and pilot training offered by the instructors. 

The dedicated ICT and video infrastructure, services 

and training solutions improve the learning 

environment by enabling teaching of quality 

management through: i) activation of prior 

experiences, ii) demonstration of skills, iii) 

application of skills, and iv) inclusion of skills into 

real-world descriptions. Also, it provides the 

management of vocational training in industry with 

Quality Assurance tools, such that VET schools, 

instructors, students or professionals select and obtain 

the most time and cost-efficient training methods and 

processes.  Provisions of training may be organized 

through an independent foundation. 

● How: UPM will act as a hub in a “good circle” 

towards a set of vocational schools acting as regional 

study - and competence centres in Central and 

Western Romania. Courses will be available at upper 

secondary and tertiary vocational education level. 

MoVE-IT provides modern teaching methods in the 

form of net based follow-up, videoconferencing, 

recording of lectures and digital materials. 

MoVE-IT emphasis ICT-supported working 

methods, such as self study, teaching content 

communicated via Internet portals and 

videoconferencing, partly supported with recorded 

lecture material. This gives participants access to 

tutorial support when required, and enables them to 

have as many repetitions as they wish or need. For 

instance, the recording of specially-adapted lectures, 

with no participants present, appears highly effective 

and useful. This may be obtained by using advanced 

equipment which is still simple for the teacher to use. 

Nevertheless, we recognise that there is no one 

particular blend of methods applicable to all 

situations, whereby it is still our intention that these 

methods should be combined with physical meetings 

where these have a positive social and pedagogical 

effect.  

We can illustrate the process with the following 

example: Industry approaches UPM and/or the local 

school with its competence development needs. If the 

school cannot exactly meet these requirements 

through its existing courses, a training programme 

will be tailor made. The development costs are met 

by the network of schools and UPM. The course is 

conducted and industry pays a lower price which still 

leaves the teachers and UPM with an operating profit. 

Part of this surplus is then returned to the vocational 

schools in the form of new technical equipment, 

funding for continuing education and competence 

development for the teachers, study grants, etc. 

Enhanced teaching competence and modern technical 

equipment in the school also bring increased benefit 

to the regular day students. In brief, we find ourselves 

in a “good circle”.  

● When: The impact envisaged by MoVE-IT is 

within a period of 2 years to: 

a) Deploy state of the art tools and services that 

provide a new infrastructure and improve existing 

training materials and study paths, in combination 

with extension of new pedagogical methodologies; 

b) Establish a sound and vivid training system that 

brings teachers, regional schools and UPM in closer 

association with local businesses, such that they 

become the preferred provider of vocational 

education; 

c) Offers easy access to the best cost-efficient 

training process solutions that may significantly 

expand the regional capacity for vocational training, 

by establishing and organising a training solution that 

in an easy way stimulates teachers, the vocational 

schools and UPM to provide new courses to the 

market;  

d) Maintain good practices and experiences from 

Norway, in combination with utilization of the latest 

research and development achievements from 

international EU-founded projects.   

 

4. Discussion and conclusions 

 UPM develops a new teaching infrastructure for 

e-learning, improving teaching quality by arranging a 

new distance learning program in Central and 

Western parts of Romania. This development is 

supported by the MoVE-IT project, which is financed 

with 1,2 mil euros by the EEA financial mechanism. 

It has practical implications for academics from UPM 

and partner organizations due to the promotion of the 

access to new and innovative methods and 

educational resources, but also the large implications 

of ICT. Sustainable development of the project is 

ensured, regarding the economic and social aspects. 

 The impact envisaged consists in selecting 

technical solutions that are adapted to available 

bandwidth, and establish training solutions that are 

accommodated to the telecommunication costs. The 
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new hybrid educational model is developed for 

organizing and delivering e-learning, comprises 

asynchronous and synchronous activities and an 

interactive cycle of distance learning, presence at 

distance [15].  

 The educational model is important for academics 

in general due to the quality improvement of the 

learning process. 

The project will ensure high profile publicity 

through different actions, which includes: 

• To disseminate the project results in Romania, 

and in Europe, towards stakeholders in the Romanian 

community, academia, the general public, and the 

manufacturing industry during and after completion 

of project; 

• To maximize awareness of stakeholders on 

MoVE-IT activities with respect to the transfer of 

innovation in lifelong skill development in the 

vocational training sector and its European markets; 

• Offer national seminars, instructor training 

events, and vocational training in Romania that use 

the final infrastructure, products and deliverables 

from the project. 

The target groups and deliverances are going to 

be: 

• Official training channels for organized 

vocational education, naming institutes, naming 

schools, official industrial organizations; 

• Directly to industry and companies through each 

participants network; 

• Establishing plans to implement the vocational 

training courses in companies and promote those 

experiences. This includes promotion of results and 

feedback from the ones who attended the courses. 
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